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PHYSICS MADE-EASY 

FOR B.A. & B.Sc. STUDENTS 


PART I 


PROPERTIES OF MATTER 


Q. 1. Explain fully what is meant the dimen- 
sions of physical quantities ? State and explain, 
giving illustrations, the uses of dimensional equations. 


Ans. Any physical quantity measures some physical 
property, and its value is expressed by a unit and the number 
of times the quantity contains this unit. The numerical value 
is inversely proportional to the magnitude of the unit selected. 
Thiis’aTeiTgttrof 1 mile may also be expressed by 1760 yards, 
or 1760X3 feet. Most of the physical quantities can be 
derived from three units. These are taken to be mass M, 
length L, and time T, and are called fundaniental unils. 

The dimensions of a physical quantity show how its 
nature and the magnitude of its unit depend on the magni- 
tudes of the fundamental units selected. Area is obtained 
by multiplying length by length, and its dimensions are given 
} • by LXL, or L“, or M°L"T®, as the value of area does not 
opend on the units of mass and time selected. A unit area of 
\ 1 square yard is 3“ times the unit area of 1 square foot, as 1 
yard is equal to 3 feet. The units of mass, length, and time 
are denoted by [Mj, [L], und [Tj respectively. The velocity 
of a moving body is obtained by dividing the distance travelled 
by the time taken. If a body, moving with a velocity of v 
units, travels distance s units in t units of time, then 


S[L] = vCV3xi[T] 

.TL] 


-[V]: 


f[T] 


Vhen .s and t are both ecpial to 1, v is also equal to 1. 

TJ 


V= , or the dimensions of velocity are given by , 


or 
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PHYSICS 


Q. 1. 


i\pL^T"^ This indicates that the ma‘,'nitude of a unit of 
velocity is directly proportional to the unit of length selected 
and inversely proportional to the unit of time selected. Thus 
a velocity of 1 mile per hour is equal to 1760 yards per hour, 
r,'?; mile per minute, or yards per minute. Similarly, as 
the acceleration of a body is its rate of change of velocity, 

l't~' 

its dimensions are — — , or L‘T"^, that is, the magnitude of 

a unit of acceleration is directly proportional to the unit of 
length and inversely proportional to the square of the unit of 
time used. When the nuignitiide of the unit of a physical 
quantity is proportional to the nth power of a fundamental 
unit, it is said to be of n dimensions in that fundamental 
unit. The above e.xpressions, which indicate the relation 
between the derived units and the fundamental units, are 
called dimensional equations and are written : 

[.■\rea] = [liPL^T"], [Velocity] = [M^L’T"’], 
[Acceleration] = [M®L‘T~^] 

Uses of Dimensional Equations, (l) Knowing the 
tUmGhsional equation of a physical quantity, we can find its 
■.numerical value when changing from one system of units 
to another. The value of a physical quantity is equal to the 
product of its numerical value and the value of its unit, and is 
the same on all systems of units. If its dimensional equation is 
[uPL^'T’’], and its numerical \alue is Nj when the funda- 
mental units are Mj, Lj, Ti, then its value on another 
system of units Mj, Lj, Tz is given by 

N^x [M2'^L2''T/] = X, X [M," X L/' X T,"] 



The dimensions of foice ( = mass x acceleration) are :\1‘L'T~^ 
and its units on the foot-pound-second and centimetre gram- 
second systems are called poundal and djme respectivelj'. If 
a force of Kj poundals is equal to N 2 dynes, the relation is 
given by 

X, X ('e£HEdy ^ / footy ^ / s^cond\-^ 

\ gram / \cm./ Vsecond/ 

= NjX (453'6)x(12X2’54) 
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(i) Two or more physical quantities of the same nature 
only can be added up, and the resultant is also of the same 
nature. As it is not possible to compare two physical 
quantities of different kinds, the ditneiisions of the two sides 
and of all the terms of an equation must be the same. 
Applying this criterion, we can check anj' equation. For 
example, we can test the equation lor the time period of a 
compound pendulum. 


^ la ^ ti^is 


Dimensions of t are [T‘] 




A „ V/^^, + J^'are CPT^3 = CT’]. 

Thus the two terms on the right hand side have the same 
dimensions, and the dimensions of the two sides of the equation 
are also equal. 


(3) In many cases the form of expression for a physical 
quantity can be found if we know the factors on which it 
depends. This is due to the reason already explained in (2). 
For example, the \'elocity V of sound in a gas depends on its 
pressure P and density D. Let V—KP'D*', where K is a 
numerical quantity which has no dimensions. 


Dimensions of 


V= [M°L*T-‘3. 


L A rea . 


„ P' = [M^L--“T-^'‘] 

„ D^= [M^L'^*] 

„ P"D‘=[M’+iL-"-'^T-^'J. 


and 
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Q. 2. 


Tlie dimensions of the two sides of the above equation must be 
the same, that is, 0 in mass, 1 in length, and — 1 in time. 

— 2a= — l, ora—i- 
and a-^b — 0, or ~ a— 

V-KP^D“^ = K\/|- 

Q. 2. Deduce the dimensions of (a) the coefficient 
of viscosity, and (b) the constant of gravitation, G. 

Obtain a formula for the time of swing of a simple 


pendulum from a knowledge of 
physical quantities involved. 


the dimensions of the 
{P.U. 1936) 

A us. The force F required to maintain the relative velocity 
of an area A of a layer of a fluid, of coefficient of viscosity 
n, with respect to a parallel layer at a distance x from it is 
gi\en by the relation 


F = 


«AV 


F.V 


•• [A] x [v] lL?j x tL'T-*] 

Thus the dimensions of the coefficient of viscosity are 1 in 
mass, — 1 in length, and ^ 1 in lime. 

According to the law of gravitation, any particle of mass 
:\Ii attracts any other particle of mass Hz with a force F 
which is proportional to the product of their masses and 
inversely proportional to the square of their distance d apart. 

r > 

dr 

where G is the constant of gravitation. 

• G= 

MAIz 

_ EF]x [tF] _ [M’L‘T-==] X FL-I 

[MJ X [M.J [Ap] X [aF] 

= [AI-'L"T-"] 


F = tt 


or 


of 


LG] = 
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Q. 3. 


Therefore the dimensions of G are — 1 in mass, 3 in length, 
and — 2 in time. 

The period of vibration / of a simple pendulum may depend 
on its mass AI, length /, accelaration due to gravity g, and the 
angle of swing fJ. Out of these (J alone has no dimensions. 

Let 

or [T'] = [M'’L^+'’T-'‘^'’] 

As the dimensions of the two sides must be the same, 

— 2c~l, or c= — A 
b + c = 0, or b=— c=^ 
and rt = 0 

j - J / 7 

A / = -=K\/ 

^ S 

Q. 3. What is simple harmonic motion ? Derive 
expressions for its characteristic properties. 

Two simple harmonic motions of the same period, 
but of different amplitudes and phases, act in the 
sa}i}e direction on a particle. Prove that the resultant 
motion of the particle is simple harmonic. 

Alls. Let a particle P (Fig. l) move with iiiuforni speed 
V around a circle of radius it, and let 
it make a second particle Q move 
along any diameter such that the line 
joining the two is perpendicular to 
that diameter. When P describes ” 
the upper half of the circle anticlock- 
wise, Q moves from A to B. Then 
Q moves back from B to .A as P 
goes along the 'lower half of the ^'8- 

circle. This oscillatory motion of Q about c is called simple 
harmonic motion. 

The motion of Q may be due to that of P, or it may take 
place under the action of some force acting along its path, 
when the circle of reference is imaginary. Further, the path 
of Q may be straight or curved, 
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Q. 3. 

Properties, (l) The oscillatory motion of Q takes place 
about C, and the radius of the circle of reference, or the mnxinium 
displacement of Q on either side of C, is called its amplitude. 

(2) The displacement .r of Q is measured from C alone its 
path, and at any instant is given by 

.r~tT cos 0, 

= a cos xct. 

where tc is the uniform angular velocity of P, / is the 
time in which it has moved from .-\ to its present position, and 
H is the angle described by radius CP in this time. 

(3) The velocity of Q is equal to the coiiipo’icnl of the 
velocity of P along the diameter AB. 'I'he velocity at P is 
along the langcnt TP at that point, and its component along 
AC is equal to v sin (I. 

\'elocity of Q = v sin 0 
= ~ivn sin 0 


= Zi>(T 

fr 

/ '> 0 
=zvy a~— X 

Thus the velocity of Q is different at different points on its 
path ; the greater the displacement .v, the fnitaller the 
velocity. It is zero at A, and increases to its maximum \ alue 
at C. After that it decreases, and becomes zero again at B. 

(4) The acceleration of P is equal to an’", and is at all 
points directed towards the centre of the circle. Its coiuponcn t 
along the path of Q gives the acceleration of (J. 

Acceleration of Q cos t) 

= w^c Q 
= w ‘.r 
= K.r, 

where K is equal to xtr. Therefore the acceleration of Q is 
proportional to its displacement x from C and is alxcays 
directed towards it, the constant of propotionality being equal 
to . It is greatest at the e.'ctreme positions of Q, and from 
either side reduces to zero at C. 
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5. When P goes once round the circle, Q completes one 
vibration. Therefore the time period T of Q is given bj' 



The frequency of Vibration // is equal to the number of 
vibrations executed by Q in a unit time, and, therefore, is given 



Thus flic nioiiou of a particle is simple harmonic if its 
acceleration is ahvays directed toivards a fixed point in its 
path and is proportional to its displacement front that 
point. 

Resultant Motion, Let a\ and rt-j be the amplitudes of 
the two simple harmonic motions, .Vi and -V; the corresponding- 
separate displacements at any instant, and e the phase angle 
by which the second motion is ahead of the first. As the 
two motions have the same time periods, the phase diOerence 
between them remains tiie same throughout. The resultant 
displacement .v is eaual to the algebraic sum of the individual 
displacements, because the ttvo displacements are along the 
same line. 

.vi = oj cos 0 
Xt=ai cos (Of-c) 

.r=.ri + .r'2 

= fri cos Ofraz cos iO-fe) 

= fri cos D + rrz cos 9. cos c — a 2 sin 9. sin e 
= cos tt(ai+az cos c)— sin f). a-, sin e 

Let a cos c' be equal to ai+az cos c, and a .sin c' equal to 

az sin e, so that 

, . (7z sin c 

tan c — — r 

a\-xaz cos e 

u'’ = (tTi + ftz cos ef+iaz sin e)^ 

==(7/+2nj(Tz cos c + fTz^ cos^ efrai sin" e 
~a^-\-Zaiaz cos c-j-aT 
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Q. 4. 


,A- = co5 0.<J COS c' — sin 0. a sin c 
= f7 (cos /?.cos e' — sin (I. sin c') 

= a cos (f>+c’) 

Thus the resultant motion of the particle is simple harmonic 
along the san.e line. Its amplitude is rr, and is ahead of the 
first motion by phase angle c'. 

Q. 4. Find the acceleration of a particle which is 
travelling round the circumference of a circle of 
radius R with uniform speed v. 

Assuming that the moon describes a circular orbit 
Tof radius 3’84 X 10^ metres in 27’3 days, and that the 
outer satellite of Mars describes a circular orbit of 
radius 2‘35 X 10^ metres in 1’26 day, find the ratio of 
the mass of Mars to the mass of the earth. 

{Canih. U niversity) 


Alls. Let a particle move with constant angular velocity tc’ 
in a circle of radius P (Fig. 2). Its linear velocity r’=(R;c’) 

Q is at every point along the tangent there. 

It remains fixed in magnitude, but 
changes constantly in direction. There- 
fore it must be under the action of some 
inward force which produces acceleration 
in it, and the velocity is changed in the 
treat ion of this force. As the magni- 
tude of velocity remains the same, the 
2 acceleration at any point must be per- 

' pendicnlar to the direction of velocity 

there, i.e., along the radius ; otherwise the acceleration 
would have component along the tangent there, and the 
magnitude of velocity would change. 


Consider two points P and Q x’cry close together, so that 
ZPCQ -S0 radian is very small, and the particle moves from 
P to Q in a very short time Bt. Draw PR and OQS tangents at 
P and. Q respectively to represent the velocities there. Angle 
SOR between the tangents is equal to the angle between the 
corresponding radii. When 6 is indefinitely small, its cosine is 
equal to 1, and its sine is equal to 0 {radian). 

Component of velocity at Q parallel to POR-'u cos Be=v 


JJ 


1 


iJ 


= sin 
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Q. 4. 


Therefore, when Q is indefinitely close to P, there is no change 
of velocity along POR, but the particle is given velocity vi^O 
along PC in time iit. 

Acceleration eit P = ^^^= Rtc" 
ot 
yZ 

= — along PC. 

The magnitude of this ce;//r?/>c/f7/ acceleration remains constant, 
but its direction changes conslantly, and at every point is 
towards the centre of the circle. It is for this reason that Q 
is talcen indefinitely close to P to find the acceleration there. 

Problem. If a planet of mass M he at a distance R from 
its satellite of mass ;/;, then the force exerted by either on the 

, . , GM/n , ^ , • . 

other IS equal to “ pr 2 ~ ’ where G is the gravitation constant. 

This is the force which, acting on the satellite, makes it move 
in a circle of radius R, with the planet at its centre. Therefore 
the centripetal acceleration of the satellite is equal to 

— • It is also equal to Rw^ where u' is the angular 
in R K" 

velocity with which the satellite describes its circular orbit. 

R\<'“ 


or 


M=- 


G 


Let M], rc’i, and Rj be the mass of earth, angular velocity of 
moon, and radius of moon’s orbit respectively, and Mj, xvz, and 
Ri be the corresponding terms for Mars and its satellite. 

. .. _ 

.. M] = - 


M, 


G 


Dividing, we get 


Ma _ Ra^w’a^ ^ / Rg V 

Mj-RiW VRi/ 


Radius of moon’s orbit 


K’l 

= 3‘84X 10“ metres 
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Q.5. 


Antrular velocity of moon = radians per dav. 

J/ 3 

Radius of the orbit of Mar’s satellite = 2'35 X 30' metres. 

2'Jr , 

.\nf?ular velocity „ „ „ = radians per day. 

Mass o f Mars M; / 2‘35 x lO' y ^ / 2^_ ^ 27J'y 
" 3Iass of Earth M, l3’84 X lOV 1 1 ’26 ' 2ir J 
= ’1076 

Q. 5. How does the value of g change at different 
places on the surface of the earth due to its rotation ? 

The mass of a railway train is 100 tons. What will 
be its weight when {a) stationary, (i) travelling due 
east, (c) travelling due west, along the equator at 60 
Radius of the earth is 4000 miles. 

(P, U. 1933) 

Alts. Fig. 3 is a section of the earth, 
assumed to be a perfect sphere of radius 
R, through its polar diameter MS, about 
which it rotates with angular velocity w, 
and CE is its equatorial radius. All the 
points on the earth revolve in circles with 
the same angular velocity, but different 
speeds, and the radius of the circle descri- 
bed by a point' is equal to its distance from 
the axis of roiaiion NS. 

particle P in the latitude 9 describes a circle of radius PA 
equal to R cos 6, and its centrifugal acceleration R cos 9 
is in the direction APQ axcay from A, its centre of circular 
motion. The acceleration g due to the force of gravitation is 
the same at all points, as the earth is assumed to be a perfect 
sphere, and is directed towards its centre C. The component 
of the centrifugal acceleration in the direction CPT is R cos 0 
-cc'^ cos 9, and, therefore, the apparent acceleration at P 
towards C is equal to g — R cos“0.xt'". 

The centrifugal acceleration is greatest for points on the 
equator, as for them the radius of their circular motion is R. 
It goes on decreasing as we go away from the equator, and 


miles per hour ? 
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becomes zero at the poles. Therefore the apparent accelera- 
tion of a body towards the centre of the earth is the least on 
the equator, and pfoes on increasing as we approach the poles. 

Problem. The earth revolves on its axis from xi'cst to 
cast, and the angular velocity of the train with respect to this 
axis of rotation is increased or decreased according as the train 
moves towards east or west. When the train moves from 
west to east, its centrifugal acceleration increases, and its 
apparent acceleration towards the centre of the earth decreases. 
Therefore its apparent weight decreases. On the other hand, 
when train moves from east to west, opposite to the direction 
of rotation of the earth, its centrifugal acceleration is decreased, 
and its apparent acceleration tow'ards the centre of the earth 
is increased. In this case its apparent weight increases. 

When the train is stationarj', its apparent weight is 100 
tons wt., or lOOx 2240 lbs. wt. 

Radius of the earth =4000 miles. 

= 4000X 1700X 3 ft. 

2-X4000X 1760X3 

Velocity of a point on the eqnator = ?Tx 60 X60 

= 1536 ft. per sec. 

1536X 1536 

Centrifugal acceleration „ „ ^.jqOOX HOO'x 3 

= '1117 ft. /sec" 

Velocity of train with respect to earth’s surface 

= 60 miles per hour. 

= R8 ft. per sec. 

{a) Train moving from west to east. 

Resultant velocity of the train =1536-bSS 

= 1624 ft. per sec. 

1624X1624 

Centrifugal acceleration „ “4000X1760X3 

= T249 ft./sec.“ 


Increase in centrifugal 
ward acceleration) 


acceleration { = Decrease in down- 
= 'I249-‘1117 
= *0132 ft. per sec. per sec. 
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PHYSICS Q- 6. 

Decrease in npparent \veiglit = lOOX 2240 X '01 32 poundals 

_ 100X2240 x’Q] 32 
32 x’’2240 
— ‘0412 ton \vt. 

Apparent weight of the train =100— 0412 

= 99*95S8 tons wt. 

(6) Train going west. 

Resultant velocity of the train = 1530 — 88= 1448 ft./sec. 

_ 1448X 1448 

. Centrifugal acceleration „ „ - :^(^QxT7GCy^3 

= ‘09928 ft./sec" 

Decrease in centrifugal acceleration [= Increase in down- 
ward acceleration) =‘l 117— ‘09928 

= ‘01242 ft./sec,^ 

Incvcaee in apparent w'eight= 100 X 2240 X '01242 poundals 

1 00 X 2240 X '01 242 
32X2240 
= ‘0388 tons wt. 

Apparent weight of the train = 1 00 4-'03S8 

= 100'03S8 tons wt. 

Q. 6. What is moment of inertia of a body ? 
State the units in which it is generally measured. 

Find the moment of inertia of a thin uniform cir- 
cular plate of mass M and radius Rj, with a concent- 
ric hole of radius R 2 , about an axis passing normally 
through the centre. (p, u. 1935) 

Ans. Moment of Inertia. When a body rotates about 
an axis, the effect of its rotation is determined not only by 
its mass M and angular velocity iv, but it also depends on the 
position of the axis and the distribution of the mass about 
that axis. The linear velocily of a particle is equal to the 
product of angular velocity and its distance from the axis, 
and is different for different particles, though their angular 
velocity is the same. Consider. particles of masses nq, ;no,... 
at distances jj, ( 2 , ...from the axis, and having linear veloci- 
ties vj, w., 



Q. 6. 
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Kinetic energy of first particle= I/nii’i'— an/i(rjcc')“ 

_ 1 2 2 
— ■jniiri Xi> 

i> I) 11 second ,, —hnizv^' — hn^r^xo' 


Total „ ,, „ rotating body=w/iii/-fici“ + {T/;i 2 r 2 "w‘+ .. 

= iMK''ic>', [ MK- 
= iRo". 

Here K' is the mean square distance (not square of mean 
distance) of the particles of the body from the axis of rotation, 
and I ( = MK") is called the moment of inertia of the body 
about this axis. It has a definite value for a body about a 
given axis, and is equal to twice its kinetic energy of rotation 
when its angular velocity is 1 unit, [ici--l, KE. = iI, or I — 
2XK.E.] 

Generally mass is measured in pounds, and distances are 
given in feet, therefore moment of inertia is usually measured 
in lb. ft.' units. 

Moment of Inertia of Disc. Pig. 4 is 
disc by a plane perpendicular to its thick- 
ness t. 

Face area of the disc=-Ri"— -R^' 

'Volume „ ,, =-(Ri"— R 3 ')t 

Mass per unit volume = ^ A'zvT 

Trttvi — 1\2 )t 

Consider a coaxial disc of inner radius .v 
and outer radius .r + if.v. All its particles are Fig. 4. 

at the same distance from the axis passing normally through 0. 

Face area of this ring =;r(v + rf.v)' — 7r.v^ = 27r.rifa; 

Volume „ „ ,, ~2iTxdxy-t 

Mass „ „ . 

2M.Vf/.r 

"(Ri^-Ra^) 


a section of the 
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M. 1. of this rini; about the axis 

^2MA7f.vX.r 

~ (Ki=-K2-) 


M. 1. oi the uliole dibc about the axis 


K. 



2M / KZ-KZ \ 
""(Im'-K/) I 4 / 

^ 'j 


Q. 7. State and prove the principles o£ perpendicular 
and parallel axes as applied to moments of inertia. 

Find the moment of inertia of a cylinder about an 
axis perpendicular to its length and passing through 
its centre of gravity. 

Alls. Principle of perpendicular axis. T/ia staii of 
the monients of inertia of a plane lamina about any two 
perpendicular axes in its plane is equal to its moment of 
inertia about an axis perpendicular to its plane and passing 
through the point of intersection of the first tico a.xes. 



LetOXand OY (Fig, 5) be the two 
perpendicular axes in the plane of 
the lamina, and let the axis of Z be 
perpendicular to this plane and pass 
through O. The moments of inertia 
of a particle P. of mass in, about 
these axes are given by in X PA^, 
and?nXPO" respective!}'. 
Then for the whole lamina. 


M. I. about .r-axis==I.,;=X;w XPA" 
,, „ y-axis= Ii/ = XmX PB^ 



Q. 7. 
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i\I. I. about o-axis=T-?=li»;/xpo-=lim (PA’+PB^) 

= -lit X PA“ + -III X pB" 

= I.v+R.. 

Principle of parallel axes. The uionieitl of iuerfiu of a 
hotiy (iboiii any axis is equal to the stun of its inoinenf 
of inertia about a parallel axis passing through its centre 
of gravity ami the product of its mass and the square of 
the distance between the two axes. 

Eet any axis and a parallel axis 
through the centre of gravity of the 
body cut the plane of paper in .A and G 
respectively, and P be a particle of mass 
m (Fig. 6). Diaw PB perpendicular 
on AG, then 

PA' = PG“ + G.\“-2GBXGA. 

M. 1. of P about axis through G=?nX PG^ 
t. „ „ A = »;X PA^ 

„ of body,, ,, „ A= Ia = :2//j X PA^ 

= 'Im (PG“+GA^- 2GB X GA) 

= 'Zm X PG-+i';// X X 2GB X GA. 

Now, ;7/XGB is the moment of the weight of the particle P 
about the axis through G. As any body balances about an 
axis passing through its centre of gravity, the algebraic sum of 
such moments for all the particles of the body, i.e., Zni x GB.- 
is _ ze ro. Further, ISni X GA“ = G.A“X j\I X GA“, where M 
isThe mass of the body, and Zm X PG"= Ig is the moment 
of inertia of the whole body about the axis through G. 

.-. Ia=Ig + MXGA^ 

Moment of inertia of a cylinder. In Q. 6, the moment 
of inertia of a disc, about an axis perpendicular to its faces 
and passing through its centre of gravity, has been found. 
If the disc is not holl_ow, R2=0, and its moment of inertia 

about the axis is M where R is its radius. Therefore, 

according to the principle of perpendicular axes, the sum of 
the moments of inertia of an indefinitely thin disc about any 
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two perpendicular diameters is equal to i\I~, or its moment of . 

inertia about any diameter is as, by symmetry, it is 

the same about all its diameters. 


Let AB (Fig. 7) be the axis 
passing through the centre of 
gravity of a cylinder of length I, 
radius R, and mass M, and 
consider a very thin disc of 
thickness dx, at a distance .r 
Fig. 7. from this axis. 

Volume of the cylinder =7rR“X; 

Mass per unit volume = — 

■n'R'l 

^'olume of the disc ^'’^R^Xf/.v 





Q. 8. 
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Q. 8. Derive the formula for determining the 
moment of inertia of a sphere about a diameter. 

A flywheel weighs 10 tons, and the whole of the 
weight may be considered to be concentrated at a 
distance of 3 feet from the axis. What is the amount 
of energy stored in the flywheel when rotating at a 
speed of 100 revolutions per minute ? (P. U. '1934) 

Alls. M. I. of sphere. Fig. 8 shows a section^ of a 
sphere of mass M and radius R through 
its centre C. If its moment of inertia 
is to be found about the diameter AB, 

•consider an indefinitely thin disc of p, 
thickness dx and radius y formed by 
two planes /jcrpi’iidicuhir to AB. The 
moment of inertia of this disc about AB 
is equal to the product of its mass and 

‘J8c y*" 

as AB passes through its centre and is perpendicular to 
, its faces. 



X^olume of 


the sphere = 2 '”' R"' 


Mass per unit volume 
^’o]ume of the disc 
iilass ,, ,, 

.’. M. I. of this disc about AB 


M 


= X dx 


3M 


47rR- 


X TTy-dX — 


3My-ff.v 

4R^ 


3My~dx y" 

4R^ 2 

3M/d.v 

8R^ “ 8R" 

[vR==.r2+/ 


The sphere may be considered to consist of such discs 
whose distance .v from C changes from 0 to R for each 
hemisphere. 
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3M(R"- 

SR" 


--|^3(R^-2RV-+.vV.v 

0 

+R L ^ ^ J 0 

^3M r 

4R" L 3 ^ 5 J 


3M yIP 2^„,2 
“ 4R’ ^ 15 5^ ^ 

When a body of mass M rotates, its kinetic energy of 
rotation is equal to A where K and w are its radius 

of gyration and angular velocity respectively about the axis 
of rotation. 

Mass of flywheel -- 1 0 X 2240 lbs, 

, . 100x27r 

Angular velocity = radians per second. 


Radius of gyration = 3 ft. 

K.E. of rotation = 4 x 22400 X : 


' 100 X 2 x 3 'I 42 r 


— WOd'x 10^ fooi-pottiidcds. 

Q. 9. Derive an expression for the acceleration of a 
body rolling-freely down an inclined plane. 

A solid ball and a hollow cylinder of the same mass 
roll freely down an inclined plane. Which will reach 
the bottom first? (P. U. Subsidiary, 1938) 

Alts. Let a body of mass M and radius R roll freely, that 

Z is, xviihout slipping, down a plane inclined 
•at angle 0 to the horizontal (Fig. 9). 
When it has moved a distance S from the 
start, let the linear velocity of its axis of 

■■ . rotation be v, and w be its angular velocity 

Fig. 9. about this a.xis. In one rotation the axis of 

rotation moves through a distance 2'n'R, 
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while a point on the rim turns through 2- radians in the same 
time, therefore at any instant v is equal to Rzc. 


If I is the moment of inertia and K the radius of gyration 
of the body about the axis of rotation, its kinetic energy 
consists of two parts : '.her or AMK*tc’“ is due to the rotatory 
motion, and gMu" is due to its motion of translation. In 
moving a distance S down the inclined plane, the body comes 
down vertically through a distance S sin i), and its potential 
energy is decreased by sin 0. As there is no slipping, 

no energy is dissipated, and, therefore, the gain of kinetic 
energy is equal to the loss of potential energy. 

sin 0= IiMr’" 




Differentiating both sides with respect to time f, we get 


, dS M/K- , 
Mi' sin 0.—— 


'dt 




Here -4- and respectively denote the acceleiation a and 
dt dt 


linear velocity u of the body. 

i' sin 0. t> = M 




or 


Acceleration a = 


i< sin a 


\R- 


+ 1 


This shows that for a given angle ft of the inclined plane, 

/K^ \ 

the acceleration is inversely proportional to The 


greater the value of K' as compared with R", the smaller is 
the acceleration, and vice versa. It is independent of the mass 
of the bodj’. 


It is proved in Q. 8 that the moment of inertia of a solid 
sphere, of radius R and mass M, about a diameter is equal to 
sMR', or K"= In the case of a very thin hollow cylinder, 
all its particles are at the same distance from its axis, and 
hence its radius of gyration K about this axis is equal to its 
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radius R. As the value of ^2 ^ hollow cylinder is }<rcalcr 

than that for a solid sphere, the acceleration of the former 
down an inclined plane is smaller than that of the latter. 
Therefore the solid sphere, moving with greater acceleration, 
will reach the bottom of the inclined plane first. 

Q. 10. Describe a conical pendulum, and obtain an 
expression for the period of its motion. Show how the 
period of revolution of a conical pendulum may be 
made independent of the exact value of the radius of 
its circular path. {B. U. 192S) 

A ns. Conical Pendulum. It consists of a small heavy 
bob of mass M suspended by a very light 
inextensible string. The bob is displaced to 
one side and given circular motion in a hori- 
zontal plane. It traces out a circular path 
repeatedly under the action of a centripetal 
force, while the string describes a cone. 
The centre C (Fig. 10) of the horizontal 
circle is vertically below the point of suspen- 
sion A. The forces acting on the bob are the 
tension T of the string, acting along BA, and 
the force of gravity Mg, When the bob 
rotates with angular velocity w in a horizontal 
Fig. 10. circle of radius R, the vertical component of 
T balances the downward force of gravity on the bob, and its 
horizontal component provides the centripetal force MRrw" for-, 
the circular motion. The length I of the pendulum is equal 
to the distance from the point of suspension A to the centre of 
gravity of the bob B. 

If at any instant the string make angle 6 with the vertical, 
and the bob moves with angular velocity xo in a horizontal 


circle of radius .R, then 

R=Z sin 9... ... ...(1) 

T cos (l=Mg ...(2) 

T sin 0= MRw“ 

= Mf sin 6 .X 0 ' [from (l) 

or T=Mlx(;^ (3) 
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or 


Dividing (2) by (3), we get 

cos 0 = -^ 

.. 2 - jg 
I cos & 


This proves that at any place, and for a given value of 1 and 
f), the angular velocity xc is fixed, and the pcnduhim has a 
definite time period i. 

2'n' 


XC’ 


cos 0 


V, _ 


cos 0 
H 

When R is vovv stnaJl as compared xvitli i, Ois very small : 
cos 0 is practically equal to 1, and, therefore, i is independent 
of 0 and R. Under this condition the above result becomes 




Q. 11. Derive the formula for the period of a com- 
pound pendulum and prove that the centres of 
oscillation and suspension are interchangeable. Indicate 
how this principle is utilised in an accurate determina- 
tion of gravity. (P- U. 193S) 

A ns. Compound Pendulum. Any rigid body which can 
freely oscillate about a horizontal axis, 
passing through it, is called a compound 
, pendulum. Fig. 11 is its vertical section 
through its centre of gravity G ; the 
horizontal axis of suspension cuts it at 
the centre of suspension S, and at a 
distance l\ from G, In the normal 
position of the pendulum, G is vertically 
below S. When it is displaced to one 
side and let free, it moves backward under 
the force of gravity, and begins to oscillate 
position, 



Fig. 11. 

about its normal 
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In any position where line SG is inclined at 0 to the vertical, 
the only force Mg, acting at G, exerts a restoring moment 
MgZi sin ^ about the axis of suspension and produces angular 
acceleration about this axis. The linear acceleration of a 
particle is equal to the product of its angular acceleration and 
its distance from the axis of suspension, and is differciil for 
different particles, though their angular acceleration is the same. 

Consider particles of masses w/i, at distances rj, Vn 

and having linear accelerations ai, a->, 

Force acting on the first particle = m\X a\~ m\ri(^ 

Moment of this force about the axis of suspension 

Force acting on the second particle = aij X 

Its moment about the axis of suspension 

= m2l'z^ X ;-2 = ;;72r2"«. 

Sum of moments for alt particles = /njiT® + 

= [:^mr^)a. = Itt 

Here I is the moment of inertia of the pendulum about the 
axis of susiieasioii, and, according to the principle of parallel 
axes, is equal to M(K^+fj"), where K is its radius of gyration 
about a parallel axis through G. 

Mg/i sin ^ = 10. = M(K'‘+ /,'■) a 
When 0 is very small, sin 0 is practically = (radian), then 
ghe=-{lC + lr) a 

angula r acceleration ct _ g/, 

angular displacement 6 K'+Z," 


Thus the restoring angular acceleration of the pendulum is 
proportional to its angular displacement. Therefore its 
motion is simple harmonic, and the constant of proportionality 


is equal to 


Sh 

K' + lp 
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Time period =27r \ / 

\ / ^ 

V K-+/.'- 


K-+/r 

/W 


= 2.\/ 


A point O, on the ailicr side of G, in line with S and G and 
at a distance ^ +/i from S, and, therefore, at a distance 

n 

from G, is called centre of oacillafioii. A horizontal axis pass- 
ing through 0 is called axis of oscillation. Let GO beeqiial to /j. 

The time period L about the axis of oscillation is given by 

/'T^ 

, ^ ^ t ... ... . I 


or ' 

Adding the corresponding sides, we get 

• • ^2 — 

Thus the axes of suspension and oscillation are interchangeable. 

Determination of ‘g’. On squaring and rearranging (l), 
we get 


S 


Similarly, from (2) 

i‘/A=— (KH f,r) 

g 

Subtracting (4) from (3) after putting we have 

t/ih- V; I J ; !- / 
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If h \s-nof equal to h, the above'becomes 

S 




Thus when the positions of the two horizontal axes, on the 
opposite sides of G and at uitequal distances from it, are so 
adjusted that the time periods about them are exactly equal, 
accurate value of g can be calculated from the distance /) + ?•.■ 
between them and the value of time period. 

• Usually it is very tedious to find the positions of the axes for 
the two time periods to be exactly equal, but they can be 
easily made nearly equal by adjusting the weights carried by 
the pendulum. Then subtracting (4) from (3), 

S 

LeUi > li, /i = /+.Y, and l.,= l — x. li + h. = 2I, Ii — h=2x, 

and /j' = 4.Yf. Putting these values in the above equation, 

1 t^{l *}■ x) — t’>'{l — A.') 1 = — X 4a7 
S 

{l{ti' — + _4r" 

^ 4.r7 [ g 

4;r= , tp+h^ 

or — =— + — — 

g 4a; 47 

fx'-h' tr + f/ 

2(7,-/,) 2(7. + /,) 


f"-f2 + 

2f7,-7,)'^2(7. + 7n) 

Hence li~h, the difference of the distances of the two axes 
from G, cannot be determined with great accuracy ; but, as 

the two time periods are nearly equal, the first term j/ ~ y-r 
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is very small as compared with the second term 
verj’ little error is introduced. 


2(/. + /o) 


, and 


Q. 12. Find an expression for the time of oscillation 
of a compound pendulum, and show that there are four 
points collincar with the centre of gravity the periods 
of oscillation about which are equal. 

A heavy spherical bob of diameter 10 cm. is suspen- 
ded by a very fine wire. If the distance from the 
point of suspension to the centre of the bob be 1 
metre, calculate the length of the equivalent simple 
pendulum. (B. V. 1935) 


Alts. See Q. 11 for expression for time period. The 
time period / of a compound pendulum about a horizontal axis 
at a distance / from a parallel axis through its centre of gravity 
is given by 

.y 


/=2.\/K!±r 

V 


I8 

where K is its radius of gyration about the parallel axis through 
its centre of gravity and g is the value of acceleration due to 
gravity. 

4-"{K=+/-) 




i8 


or 


8i' 


f- ^/ + K"-=0. 

47r' 


This is a quadratic equation in / and gi^'es two values. 




_ 4 . t / gV I / - T^"- 

"87^+ V/ V i?;? 


Similarly, there are two values of I on the other side of the 
centre of gravity for which t is the' same as for the above two 
values of I on the first side, 
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Problem. I’lic Icngtli of an equivalent Fitnplo pciulultun 
is equal to — ^ — , and fora sphere of radius R, its radius of 

gyration about a diameter is :!lv‘ 

Radius of l)oh=5 cnis. 

Radius of gyration K= v'irX.25= v'lO cm. 

\’alue of /= 100 cms. 


Length of equivalent simple pendulum 

10 + 100 ” 


100 


lOO’l cms. 


Q. 13. A unit cube is deformed by the application 
of equal perpendicular forces to its faces acting out- 
wards. Piove that fc-3(tt — 2/J) wlicn h, o. and 
have their usual meaning. Also express the rigidity 
modulus in terms of « and (i, and hence deduce an 
expression for Young’s modulus in terms of h and'u. 

(P. U. 1921) 

Alls. Let a unil cube ABCDEFGH (I'ig. 1 2f/) be 
subjected to equal forces perpendicular to its faces and acting 
outwards, and let each force he equal to P per unit area. 
Each force produces extension in its own direction and 
contraction in directions />er/>c;;d;cn/frr to it. Strain produced 
per nnit stress in the direction of stress is denoted by tt, while 
denotes strain per unit stress in perpendicular directions. 
Therefore, due to one pull, an extension Pa is produced in 
its own direction, while the two sides perpendicular to it 
suffer a contraction of P/3 each. When all the forces act 
simultaneously, each, side of the unit cube experiences an 
extension of Pa due to the pull in its own direction, a con- 
traction P/3 due to the second pull, and a further contraction 
of P/3 due to the third pvrll. 

Initial length of each side= 1 
„ Volume of the cube = l 
Final length of each side= 1 +Ptt— P/3— P/J 

= l+P(a-2/3) 

.’. Final volume of the cube= {1 + P(a — 2(2))'^ 

= I + 3P(c( — 2^) + negligible terms. 
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As o. and /? are both very small, their higher powers are 
negligible. 

Increase in volume = 3P (ct — 2/3) ^ 

Strain =3P (a-2/3) ' 

P _ I /• 


Bulk modulus k— 


3P(a-2/3) 3(a-2/3) 


Rigidity modulus n = Q- 

Z\a +/j) 


Young's modulus y = 


Stress 


Longitudinal strain 
_ Stress _ 1 
Stress xa a 

Rearranging the equations for /■ and 

■ 

2a + 2/3=- 

II 


On adding, 


or 


3 k II 3 hi 
11 + 3k 


« = - 


91{ii 


Young’s modulus=— 

Q. 14. Define Poisson’s ratios and show that the 
rigidity n and Young’s modulus y are connected by the 
relation 

where a is the Poisson’s ratio, (P. U. 1938) 

Alls. When a solid body is subjected to a force, the ratio 
of the strain produced in a perpendicular direction to the 
strain produced in the direction of the force is called Poision’* 
tMio for that solid, 



If the lower face ABEF (Fi". 12 a) of a cube is kept 
/j h' g g ' I , fixed, and a shearing 

^ ^ ” force T per unit area is 

applied to its upper face 
DCCtH from left to right 
it is sheared clockwise 
through 7’ radian, and its 
upper face takes the posi- 
tion D'C’G'H’. The 
plane of shear is parallel 
to the faces ABCD and FEGH, and as '/' is very mnall, 
the height of the solid remains practically the same, so that 
face D'C'G'H' lies in the same plane as DCGH. 

The front face becomes a parallelogram ; diagonal AC and 
all lines parallel to it are extended and turned clockwise 
(Fig. 1 2 h), while all lines perpendicular to them and parallel 
to BD are compressed, but turned in the same direction. With 

as centre, draw arc CK of radius .AC. It is practically a 
straight line and perpendicular to .AC'. Angle V being very 
small, L CC'B is almost equal to 90’, and L CC’K equal to 
45°, so that C'K and CK are equal. 

CC CC' 

AC=BCs/2,CK = C'K = CC'cos 45"— 7 = “ 

. CK ^ CC' CC' = 7- 
AC V2.BCV2 2BC 2 

Strain along .AC=— ^ 

Similarly, it may be shown that the diagonal BD is rotated 
clockwise through the same angle 0, the two diagonals remain 
perpendicular to each other, and the contraction of BD is equal 
to the extension of AC. Therefore the cube can also be sheared 
by applying to it, in the plane of shear, an extendi iig force 
parallel to AC and an equal contracting force perpendicular 
to the first and parallel to BD, the two forces being inclined 
at 45 ° to the direction of the shearing force. Let the extending 
or contracting stress be equal to P. 

AA'hen a body of length R and cross-section area a suffers 
longitudinal strain under a force F, work done is' equal to the 
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product of contraction or extension .v and the average force , 

because stress increases with strain and is proportional to it. 

, . , I'X.v Stress X strain 

Work done per unit volume =r——- 

'Zcl X t J, 

FO 

^Vork• done per unit volume by extending force = ^ ' 

Pt; 


,, contracting force = 


Total work done per unit voiume=Pty = 


P<r 




<V 


In the case of shear also, the shearing stress is proportional 
to the angle of shear. The shearing force F exerts moment 
PXDA about the fixed end AB (Fig. 12 6), and work done is 

equal to the product of average moment and the angle 

of shear If (? is the area of the upper face, tangential force 

F 

per unit area is equal to -=T. 


Total work done = 


FX ADX<,i 


Work done per unit voiume = 


FX APXy _ TXy 
2a X AD 2 
stress X strain 


As the above two methods produce the same shearing effect, 
work done per unit volume must be the same in the two cases, 

2 2 
P=T 

Let Cl and /3 respectively be the longitudinal and lateral strain 
per nnit Jongitiidinal stress. Then 

Young’s modulus y— 


Poisson’s ratio 


[i 
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Increase in AC cine to extending force = TX AC X a 
„ „ „ ,, „ contracting force = TX AC X/3 

Total increase in AC — T X AC(tt + /3) 

CC' BC.r AC.'/' 


Extension in AC= C'A— — 
AC.'/' 


V ; P? ' 2. ■''"2 


.-. TXAC(tt+/0) = 
or T= 

Coefficient of rigidity /r = 


2 


2(a+/5) 

T_ 


1 


'/ 2(rt + /?)?’ 2(rt + /3) 
1 - 


2«(1 + - 


2(l + a) 


Q. 15. What is meant by Young’s modulus, the 
modulus of rigidity, and the bulk modulus ? 

A straight cylindrical rod is fixed at one end and 
twisted by a couple applied to the other. Deduce the 
relation between the twisting couple and the coeffi- 
cient of rigidity. [P. U. 1936) 

Alls. When a solid is subjected to a deforming force, it 
experiences change of length, volume, or shape. The defor- 
mation brings into play a resisting force which is equal and 
opposite to the force applied. When the change is very small, 
the deformation is proportional to the deforming force. In all 
cases, "stress is equal to the force applied per unit area of the 
surface. 

Young's Modulus. When the deforming force is applied 
to the body along one direction only, the change of length per 
unit length in that direction is called longitudinal strain. 
Young’s modulus is obtained by dividing stress by this strain. 

Bulk Modulus. In this case change of volume is con- 
sidered, and the strain is equal to change of volume per unit 
volume. The bulk modulus is equal to stress divided by strain. 

Modulus of Rigidity. In this case there is no change of 
volume, and the deforming force changes only the shape of 
the body. In Fig. 13C, the upper face AF is kept fixed, 
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and a tangential force is applied to the lower face BE from 
left to right. The result is that all lines joining the two faces 
are turned through some angle. The sUain. is equal to the 
angle <r (in radian) through which a line originally perpendi- 
cular to the fixed face turns. It is also called angle of shear 
or shear strain. The coeflicient of rigidity js etiual to the 
tangential stress divided by shear s^ain._ 

Couple for twisting. A cylindrical rod of length I, radius 
r, and coefficient of rigidity n, is fixed at its upper end, and, 
by applying a couple, its lower end is twisted through 0 radian. 
For equilibrium, the twisting and restoring couples are equal 
and apposite. The angle of twist is greatest at the free end, 
and decreases as the fixed end is approached. All the radii 
of the lower end are turned through the same angle, but the 
displacement of any radius is greatest at the rim and decreases 
to zero at the centre. Therefore the shearing stress is not 
uniform. 



Fig. 13. 


The cylinder may be considered to consist of a very large 
number of coaxial hollow cylinders, each of very small thick- 
ness rf.v (Fig. 13(r). Consider a hollow- cylinder of inner and 
outer radii .V and respectively. On twisting, a line AB 

(Fig. 136), which is parallel to the axis DC, is turned 
through a very small angle <p radian, and takes the position 
AB'. Radius CB of the lower face is turned through 0 radian 
into the position CB'. If this hollow cylinder is cut along AB 
before twisting, and flattened out, its cylindrical' surface be- 
comes a rectangle ABEF of sides I and 2'^x (Fig. 13c). On 
twisting, AB takes the position AB', and then on cutting the 
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hollow cylinder along AB' and flattening it, a parallelogram 
AB'E'F is obtained. Thus this hollow cylinder has been sheared 
through v radian. 

Arc BB'=.r6'=^/' 

-v (J 

•• ’'=T- 

The angle of shear r is the same for any one hollow cylinder, 
but is different for different cylinders. It is greatest for the 
outermost cylinder and least for the innermost. 


Shearing stress =// X yj = 


iix.d 

I 


Face area of hollow cylinder=2-.rXff.v 
Shearing force on this area =2-,vd.vX 


nxf^ 


2-11 .ax 


y 1 


Moment of force about axis CD = 2-^n — .t'.rf.t X .v 


Total twisting couple 




njxcix 




2 - 11 ' 


I 


. -a e r 
21 


Q. 16. What is meant by the coefficient of rigidity 
of a substance ? Explain how it can be determined 
experimentally, deducing the formula used. {P. U. 1935) 

A ns. For coefficient of rigidity see Q. 13. 

Determination of Rigidity. A thin wire, whose coefficient 
of rigidity is required, is rigidly fixed to the middle of a hear-y 
cylindrical rod, and is suspended vertically from a 
point. The rod is turned in a horizontal plane so as to twist 
the wire. When it is released, it executes torsional vibrations 
of definite time period about the axis of the wire. 
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It is proved in Q. 13 that when a wire (cylindrical) df length 
/, radius r, and coeflicient of rigidity //, is twisted through 0 


radian, the restoring 


couple is equal to 


21 


This restoring 


couple produces angular acceleration in the rod. Let the 
angular acceleration of the rod be ^ when the angle of twist is I). 
.‘Ml the particles of the rod have the same angular acceleration, 
but the linear acceleration of a particle is equal to the product 
of its distance from the axis of rotation and angular acceleration, 
and, therefore, is different for different particles. 


Consider particles of masses wq, niz, , at distances n, 

To,... from the axis, and having linear accelerations ai, az, 

Force acting on first particle = = 

Moment of this force about the axis = n/p-ia X n 

• 2 

— ni\ri a 

Force acting on second particle = in z(rz= in zi'zu 
Moment of this force about the axis = /« 2 r/'^ 


Sum of moments for all particles= (;qrj^;. + /;; 2 r 2 “a+ 

= l£/;;r^tx = la 

Here I is the moment of inertia of the rod about the axis of 
the wire. 

a. — n — — 

2/1 I ’ 


As the restoring angular acceleration a is proportional to 
the angular displacement 0, the motion of the rod is simple 
Jiarnionic. 


Time period / = 


2Tr 

V 





It is not easy to find I accurately. To overcome this 
difficulty, the rod is made hollow and is fitted with four cvlinders. 
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two hollow (H, H) and two solid (S, S) of equal lengths. The 



Fig. 14. 


experiment is performed first 
with the two solid cylinders 
in the inner position and 
hollow cylinders in the outer 
position (Fig. 14 a), and 
then with the hollow 
cylinders inner and the 
solid cylinders outer (Fig. 


14 h). 


Let I, and Ig be the moments of inertia in the first and 
second cases respectively, and /] and tz be the corresponding 
time periods. Then 



( 2 ) 

On squaring and subtracting (l) from (2), 

(3) 

C 

If each hollow cylinder be of mass »7], each solid c 5 'linder of 
mass /ii 2 , length of the hollow tube 2a, and, therefore, length 

of each cylinder then the distances of the centres of gravity 

of the inner and outer cylinders from the axis of oscillation are 
a 3a . 

~ and — respectively. Each solid C3’linder has mass ( 77/2 — n/i) 


more than a hollow cylinder, and we may imagine that the 
change from the first adjustment to the second consists in trans- 
ferring this excess of mass from each inner solid cylinder to 
each outer hollow cylinder. In this change the moment of 
inertia is increased, as on each side the centre of gravity of 

mass is shifted from a distance 7 to ~^from the axis. 

4 4 

Therefore, according to the principle of parallel axes. 
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Increase of moment of inertia = Iz— Ii 

- 11 !]) 
= {ni 2 ~ nii)a' 

4— 


3ff\“ 
4 




Putting this in (3), 


h -fi 

n~r^ 

Wi) 

Q. 17. Describe any experiment for finding the 
value of the gravitation constant G, and show how 
from this and other known quantities the mean density 
of the earth can be calculated. (C. U. 1934) 

Ans. Cavendish Method. Two small spherical balls A 
and B (Fig. 15), each of mass m, are attached to a torsion rod 
which is suspended by a fine torsion wire. Two equal large 
spherical balls C and D, each of mass M, are suspended by 
another rod so that the centres of 
all the four balls are in the same 
horizontal plane. To each end 
of the torsion rod is attached a 
vernier which can move, without Fig. 15. 

touching, over fine scales fixed to vertical stands. To avoid 
changes of temperarure, and the consequent air draughts, the 
apparatus is placed in a small closed chamber, and the 
observations are taken from outside with the help of telescopes, 
fixed in the walls of the chamber. For avoiding the action of 
the outside electric charges, the apparatus is enclosed in a 
gilded glass vessel. 

The rod carrying the large balls is rotated, by an arrange- 
ment manipulated from outside, until the line joining their 
centres is perpendicular to the torsion rod, and the verniers are 
read. In this position there is no twist in the torsion wire. 
Then the big balls are brought near the small balls and on 
the opposite sides of the torsion rod in the position C, D. 
They are so adjusted that the lines joining the centres of the 


bi>' 


d 
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near balls are equal in length and perpendicular to the torsion 
rod. Thus the forces exerted by the big balls on the near 
small balls are equal, parallel, and opposite, and the torsion 
rod is rotated under the action of the deflecting couple formed 
by these two forces. This produces twist in the wire and is 
opposed by the restoring torsional couple of the wire. .Equili- 
brium is reached when the restoring couple becomes equal 
to the deflecting couple. Then the positions of the verniers 
are found out by the method of oscillations, as the torsion rod 
does not become stationary. 


Then the big balls C and D are turned into_ [he positions 
C' and D' respectively. The adjustment is m'ade \exacily the 
same as in the first experiment, keeping the sai;fie distance 
d between the centres of two near balls, but now the deflecting 
couple exerted on the torsion rod is in the opposite direction. 
The deflection of the torsion rod is again calculated'\from the 
position of the verniers, and the mean deflection is taken. 


If G is the gravitation constant, the force of gravitation 
between two balls is equal to ^ • 


Length of torsion rod = I 


Deflecting couple = 


GM;n/ 


Angle of twist=fl rrrffflrn 
Restoring couple = c0 

where c is the restoring couple per radian twist of the wire. 

GMn// 

„ cM* 


or 




To find the value of c, the torsion rod is set into torsional 
oscillations about the wire, and its time period / is measured. 
Ihe moment of inertia I of the torsion rod and the small balls 
about the wire as axis is calculated, then 


;= 2'Jr 
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Corrections are applied for the force exerted by each large 
sphere on the distant small ball, the attraction between the 
torsion rod and the two large spheres, and the forces exerted 
by the rods carrying big balls. 

Mean Density of the Earth. Let M be the mass of the 
earth, R its mean radius, and D its mean density. Then the 
force exerted by the- earth on a mass nt at its surface is equal 

GM;;/ . , 

to — ■ Phis force is also equal to ing, where g is the 

acceleration due to gravity at that place. 


GMm 

R" 


= ii/g, or M = 


fiR“ 


But 


M = ^ -R^D 


^-RD = ^,or 


.fiR- 

G 


D= 


3g 

4-RG 


Q. 18. What are the requisites of a balance '? 
Obtain the general expression used for determining 
the conditions for these requisites, and show that the 
conditions for two of these are mutually contradictory. 

(Punjab, 1933) 

Alls. Requisites of a Balance, (l) Fig. 16 is a vertical 
section of a balance through its centre of gravity G. For 
stable equilibrium, the centre of gravity G should be vertically 
below the central knife-edge C when the beam is in its hori- 
zontal position. 

(2) Truth. A balance is said to be true if .its beam 
remains horizontal when equal masses are placed in, or remov- 
ed from, the pans. For this, the clockwise moment must be 
equal to the anti-clockwise moment. Let Pi and P2 be - the 
weights of the right and left pans respectively, /i and the 
lengths of the corresponding sides of the beam, and let equal 
weights W be placed in the pans. Then 

(Pl+W)h=(P2+W)/2 (1) 

When the weights are removed from the pans, the beam must 
again be horizontal. 

• • Pii^i “ Pjla 


( 2 ) 
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Subtracting (2) frorri (l), 

W/j = W/2 

/l = /2 

Putting this in (2), Pi^Pa 

Thus a true balance should have pans of equal weight, and 
its arms should be of equal length. 

I 

(3) Sensitiveness. A true balance is sensitive if a very 
small difference between the loads in the pans produces a large 
deflection of the beam. The ratio of the deflection to the 
difference in loads is called its sensitiveness. 


The end knife-edges A and B are higher than 

knife-edge C by 



(Tn*X)§- 


the central 
/;, and the 
depth of G below C is d. The 
mass of the beam and pointer 
is j\I, and acts vertically down- 
ward through G, while the 
mass of each pan and its load 
is nu When an additional 
and very small mass .r is. 
placed in the right pan, the beam and pointer are turned clock- 
wise and make angle 0 with their normal positions, and thereby 
the arms of the different forces producing moments about the 
central knife-edge are changed. 

CD=/ cos 9, and DE=/! sin 6. 

Horizontal distance of A from C—l cos U + h sin B 


„ ,, B „ C=f cos 9 — h sin 9 

„ )j j) G „ C=d sin 9 

The moments of the weight of the balance Mg and the left pan 
mg are anti-clockwise, while the moment of the weight of the 
right pan (m+.v)g is clockwise, and for equilibrium, the 
clockwise and anti-clcckwise moments must be equal. 

Mgd sin 9 + ing{l cos sin 6>) = (m + .r)g(icos0-f /i sin 9) 

The angle of deflection 9 (radian) is very small, and, there- 
fore, cos 0 and sin 6 are practically equal to 1 and 6 respec- 
tively. 


I\ W 0 + >«(/ — 7; 0) = {m -f .v) (7 -f h 9) 

Md9-\- nil — inh9=inl-\-mhB-\- xl+liBx 
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As 0 and .r are both very small, their product is negligible. 

.-. {Md-2iith)e=xl 


or Sensitiveness • 

.V Ud~2iiih 


Thus a sensitive balance should have large arms I, small 
mass M, and small depth d of its centre of gravity below the 
central knife-edge. Its sensitiveness also depends on in and Ji ; 
the greater in and the greater the sensitiveness. Conversely, 
when the outer knife-edges are below the central knife-edge, h 
is negative, and the sensitiveness decreases as the load is 
increased. When all the three knife-edges are coplanar, Ii is 
zero, and sensitiveness is independent of the load. 

(4) Quickness. When the pans are equally loaded and 
the handle of the balance is raised, it begins to swing. For 
convenience in weighing, the time period of swing should be 
small. This requisite is also called stability. If all the 
knife-edges are coplanar, at every stage the moment of the 
right pan is equal and opposite to the moment of the left pan ; 
the only restoring moment is due to the weight of the beam 
and pointer, and is equal to Mgd sin 0, or Mgd9 for very small 
0. This accelerates the motion of the balance, and let the 
angular acceleration be when the angular displacement is 0. 

Let K be the radius of gyration of the beam and pointer 
about the central knife-edge, so that the moment of inertia 
about that axis is MK". To this should be added Zinl^, due 
to the two loaded pans, to get the total moment of inertia 
about the central knife-edge. 

Moment of inertia = MK^+.?hR' 


Restoring couple=Mg£ftl 


Angular acceleration * — 


Mgd6 

MK^ + 2inl- 


Hence, as the angular acceleration * \s proportional to the 
angular displacement 0, the motion of the balance is simple 
harmonic. 
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Time period t — 


It: 


V 


yigd 


0 - 


\/ 




(MKH2/;//-) 



Imf 

yigd 


Thus, for small time of swing, K should be small, d large, 
I small, and M large. It also decreases as the load is increased. 
On the other hand, for sensitiveness, I should be large, and d 
and M both small. Therefore sensitiveness and quickness (or 
stability) require opposite conditions. 

Q. 19. What is osmotic pressure ? State the laws 
relating to it. Obtain the relation between the osmotic 
pressure and the vapour pressure of a solution. 

[Bombay, 1934) 


A ns. Osmotic Pressure. Certain membranes have 
the property of selective transmission : they allow some liquids 
to pass through them fulh', but prevent the passage of others. 
The end of a thistle funnel is closed with such a membrane, 
and a solution whose solvent only can pass through it is put 
in it. The solvent is contained in a beaker, and the thistle 
funnel is placed in it in a vertical position. The solvent enters 
through the membrane ; the height of the solution in the 
funnel is raised, and the hydrostatic pressure due to the solution 
column increases. 


After some time equilibrium is reached, and then there is no 
further rise in the level of the solution. In this condition the 
excess of hydrostatic pressure on the side of the solution just 
prevents any more of the solvent being added to the solution. 
This phenomenon is called osmosis, and the pressure which 
should be applied, at the beginning, on the solution side to 
prevent the entry of the solvent is called the osmotic pressure of 
the solution for that concentration. 

Laws, (l) The osmotic pressure of a dilute solution is 
proportional to its concentration, referred to a definite volume 
of the solvent. 

(2) It is proportional to its absolute temperature. 

(3) It is equal to the gaseous pressure which would be 
exerted by the solute molecules were it possible for the solute 
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(non-electrolyte) to exist in the gaseous state at that temperature 
and occupy the volume of the solvent. 

(4) Solutions of non-electrolytes, / in the same solvent,! 
which have equal osmotic pressures, (^at the same temperature,-'* 
contain the same number of gram- molecules per unit volume. . 

(5) The solution of an electrolyte has a greater osmotic 
pressure, due to dissociation, than expected. 


Vapour Pressure of Solutions. Two vessels, A and B, 
(Fig. 17) are separated by' a membrane permeable to the 
solvent only. A contains the solution and B 
the solvent. The two vessels are placed under 
a bell-jar, and air is removed. Owing to 
osmosis, the level of the liquid in A rises, and 
after some time equilibrium is reached. Let 
the level of the solution in A be higher than 
the level of the solvent in B by a small height 
Ii. Let P and P' be the vapour pressures of 
the solvent and the solution respectively, O the Fig. 17. 
osmotic pressure of the solution, D the density bl the solution 
in the final condition, and d the average density of the vapour 
under a pressure P. The whole space above the liquids is 
■^saturated with vapour, and the saturation pressure P’ of the 
vapour just above the solution is smaller than the saturation 
pressure P of the vapour just above the solvent by dglu 

P-P' = rfg/; 



0 = 
•P' 


O 


'Dgh 

'd 


In this equation d is the average density of the vapour under 
a pressure P as the space is enclosed and exhausted.- If d! be 
the density of the vapour pressure under the barometric 

or = ■ 


pressure B, 'Ti — 
d 


P 

b’ 


B 


p- P'=2fL= 


Orf'P 


D DB 


Q. 20. Wbat do you understand by tbe viscosity of 
a liquid ? Define viscosity, and give an experimental 
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method for its determination. What is the effect of 
temperature on it ? {Punjab^ 1934) 

A ns. When the motion of a liquid over a horizontal solid 
surface is small and steady, its layer in contact with the solid 
surface is stationary, and the velocity of any other layer is 
proportional to its distance from the stationary layer. Consider 
any horizontal plane in the liquid. The liquid layer immediately 
above it is, moving faster than the liquid laj'er immediately 
below it. The upper layer tends to accelerate the motion of 
the lower layer, while the lower laj-er tends to retard the motion 
of the upper laye/. The two layers together tend to destroy 
their relative motion, as if there is a backward dragging 
tangential force. 

An c.xternal force is required to overcome this backward 
drag and maintain relative velocity between two laj^ers of a 
liquid, and when this force is withdrawn, relative motion ceases 
after some time. This propertj' by virtue of which a liquid 
opposes relative motion betweeii its different layers is called 
viscosity. 

The backward force F acting on any liquid layer is propor- 
tional to its area A and velocity u and inversely proportional to 
its distance .v from the stationary layer. 

„ nktt . du 

F= — //A— > 

X dx 

where n depends on the nature of the liquid and is called its 

coefficient of viscosity, and ^ is the velocity gradient or the 

rate of change of velocity with distance. The negative sign shows 
that the force is acting backward opposite to the direction of 

velocity ii. When A, and ti, and x ^or are each equal to 

one unit, n is equal to F. .Therefore coefficient of viscosity of 
a liquid is equal to the, tangential force per unit area required 
to maintain a unit velocity gradient (or a relative velocity of 
one unit between its two layers one unit distance apart). 
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Poiseuille’s Method. A long capillary tube of uniform 
circular bore, of length I and radius r, is fixed horizontally 
near the bottom of a vessel , 

[Fig. 18(fT)]. The level of j|j; 

.the liquid, whose coefficient 
of viscositj’ is to be found, 
is kept the same in the 
vessel so that a constant 
hydrostatic pressure P is 
applied to the end of the 
tube in the liquid. A weigh- 
ed beaker is placed below 
the outer end of the tube, 
and the mass of the liquid 
that leaves the tube in a 
given time is found out. 

From this and the density of the liquid, its volume V ilowing 
out in a unit time is calculated. 


T 




Fig. IS. 


When the velocity of the liquid in the tube is small, its flow 
is steady and its particles travel in straight lines parallel to 
the axis of the tube. The layer of the liquid in contact with 
the walls of the tube is stationary ; velocity of flow increases as 
the axis is approached, and is the same at' all the points at the 
same distance from the axis. As the liquid is incompressible, 
its amount passing across any section of the tube in a given 
time is the same. 

Consider a cylindrical layer of the liquid, .coaxial with the 
tube and of radius .v. Its surface area (cylindrical) is equal to 
2~xl, and the velocity of flow at all the points on this cylindri- 
cal layer is the same. The liquid inside the cylinder is moving 
faster than the liquid outside it, and tangential force exerted 
by the outside liquid on the inside liquid opposite to the 

direction of flow is n2-!rrl — , where u is the velocity of flow 

dx 

at a distance .v from the axis and ^ is the velocity gradient 

. dx 

there. The difference between the pressure acting on the two 
ends of the tube is P, and the fonvard force due to it on the 
liquid in the imaginary cylinder is P-.v". This tends to 
accelerate the motion of the liquid. As its motion is steady, 
the resultant of the two forces must be zero. 
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n2-xI~ + -P7rx- = Q 
ax 


dx 


... /.,=/ 


■ Vxdx 


2nl 
- P.i;^ , 
4«I * 


where c is the constant of integration. When .v— it = 0. 

■■■ 


2 


or 


and 


c = 




El 

4/// 

P(r-Ar^) 
4nl 


This gives the velocity of flow at a distance .v from the axis. 
Consider a second coa.xial layer of radius x + dx (Fig. 18b). 
The velocity of flow of the liquid between the two cylindrical 
layers is ii, and as 2-x.dx is the cross-section area between 
them, volume dV of the liquid flowing per unit time through this 
area is equal to X 27rXf/A;. The bore of the tube may be 
considered to consist of a very large number of such sections, 
and the volume of the liquid flowing through all of them in a 
unit time is obtained by integrating this e.xpression. 


Volume V flowing per unit time = 


j* u2-xdx 

D 

’’ P ~ X’) 2-xdx 


J 


■\nl 
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2iil 4 
Ptt/ 

“ 8hZ 

^ r-P/ 

and „ = — • 

As the temperature rises, the coefficient of velocitjf of a 
liquid decreases. 

Q. 21. What is meant by the surface tension of a 
liquid? Explain this phenomenon, and find a relation 
between the surface tension of a liquid and its ascent 
in a capillary tube. 

Atis, Surface Tension. The molecules of a liquid 
attract each other, but this force of cohesion becomes inappre- 
ciable if the distance between them exceeds a certain limit 
which is very small and is called the range of molecular 
attraction. Consider a sphere of this radius lying entirely in 
the liquid. A molecule at its centre is attracted equally in all 
directions ; the resultant force on it is zero, and its motion in 
any direction is not opposed by any cohesive force. The 
condition of a molecule very near the free liquid surface • is 
different. The lower half of its sphere of molecular attraction 
lies entirely in the liquid, but a part of the upper half is outside 
the liquid, and, therefore, contains a smaller number of 
liquid molecules than the lower half. The molecule at the 
centre experiences a resultant force downward, and work has 
to he done against this force if this molecule is to be carried 
to the free liquid surface. For molecules on the free surface, 
only the lower halves of their spheres of attraction are in the 
liquid, and so they experience the greatest cohesive force 
downward. 

To increase the free surface of a liquid, more of the mole- 
cules have to be taken from its interior to its free surface. For 
this work has to be done, and their potential energy is in- 
creased. As a system tends to decrease its potential energy, 
this is opposed, and the surface tends to have the least surface 
area, so that it may have the minimum number of molecules 
on it. The free liquid surface behaves as if it were in tension. 
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If a straight line is imagined on the free surface of a liquid, 
the molecules lying just on its one side tend to pull away 
from the molecules lying just on the other side so as to 
decrease the surface area, but the rupture is prevented by the 
cohesive forces between them. The pulling away force e.xerled 
by one set of molecules on the other lies in the liquid surface 
and is perpcndicitlar to the imaginary line, and its magnitude 
per xniit length of the line is called the surface tension of the 
liquid. 


Ascent of Liquid. A capillary tube of circular bore is 
dipped verlically in a liquid of surface tension T and density 
D. The liquid rises in it, and its meniscus is concave upward 
(Fig. 19). If R is the radius of the lube at this place, the 


'i 


liquid meniscus touches the tube along a 
circumference of length 2-R. The angle of 
contact between the liquid and tlie tube is 0, 
and the force exerted by the liquid meniscus 
on the tube at A is T per unii length in the 
direction of the arrow. The tube exerts an 
equal and opposite force on the liquid menis- 
cus. Its xwitical component is T cos 0 npxvard, 
and the horizontal component is equal to 
T sin 6 outward. Considering the whole 
meniscus, the horizontal components cancel out, w'hile its 
vertical components are added up. Therefore the total upward 
force exerted by the tube on the liquid meniscus is equal to 
2^RXTcos0, and this supports the weight of the liquid 
column. 


Fig. 19. 


If li is the height of the liquid column up to the bottom of the 
meniscus, the volume of the cylindrical liquid column for this 
height is equal to -R'X 7i, As the radius of the tube is very 
small, the liquid meniscus may be considered to be hemis- 
pherical of radius R, and the volume of the liquid meniscus 
is equal to the difference between a cylinder of radius R and 
length R and a hemisphere of radius R. 


Volume of the meniscus = ttR" X R ttR^ =- — 

3 3 


Total volume of the liquid 


column = 7rRV7-l' 
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=.R-(/,+f) 

Weight of the liquid column = 7rR’^/; + ^jDg 
A 2-RT cos 0=77 R-(/; + y)Dg 


or 


T= 


^{’'+ fh 

2 cos 0 


Q. 22. How will you determine the angle of contact 
for mercury and glass ? 




Prove that the excess 

4T 

bubble to the outside pressure = -^> where T stands 


for the surface tension of the soap solution and R for 
the radius of the sphere. {Punjab, 1931) 

Alls. Angle of Contact. When a solid is placed in a 
liquid, the, liquid in contact with the solid either rises above, 
or is depressed below, the rest ‘of the free liquid surface. The 
angle which the tangent to the liquid surface, where it meets 
the solid, makes with the solid surface in the liquid is called 
the angle of contact of the tWO. 

A small s0/;c7;ccr/ glass flask of radius R and centre at C 
(Fig. 20) is about three-fourth filled with 
mercury. Its mouth is closed with a rubber 
cork, through which passes a glass rod, and 
is held inverted in a clamp. A sheet of 
printed paper is held against the flask, and ^ 
its image is observed by light reflected at 
grazing incidence from the surface of 
mercury. By moving the rod, the level of 
mercury is adjusted so that the image of the 
print is not distorted. When this is the Fig. 20. 

case, the surface of mercury AB \s plane even where it touches 
the flask. The surface of mercury forms a circular sheet, whose 
diameter AB is then measured. Let the radius DA of this 
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circle be equal to 1. 


DA_ 

cos 


I 

R 


or 


I 

O^cos — 



If AE is the tangent at A, Z BAE is the angle of contact and 
is equal to (90°+ 

Excess of Pressure. A soap bubble tends to contract, 
and, thererore, the pressure inside must be greater than the 
externa! pressure. Let a soap bubble of radius R, and surface 
tension T, be considered to be divided into two hemispheres 
by a idane so that they meet each other at rinhf angles to 
their common plane face ABDE, whose 
area is equal toa-R^ (Fig. 21 ). Let P 
and P' be the e.xternal and internal pres- 
sure respectively. Consider the equilibrium 
of the upper hemisphere. The thrust on it 
due to the internal pressure is equal to 
P'Xa-R^ and acts upward at right angles 
to the face ABDE. Similarly, thS re- 
sultant thrust on it due to the external pressure is equal to 
PX:rR' and acts doxemcard perpendicular to the face ABDE. 
The force due to surface tension on it is T per unit length. It 
acts doxvnxvard perpendicular to the plane face and round its 
edge ABDE, and as the bubble has two surfaces, its magnitude 
is equal to 2X2-RXT. As the upper hemisphere is in 
equilibrium, these three forces balance each other. 

PVR^=P^RH+rRT 
(P'-P)R = 4T 
E.xcess of pressure = P' — P 

= 11 

R 

Q. 23. Why is the upper surface of mercury in a 
glass capillary tube convex upward, while for water it 
is concave ? 

Assuming the surface tension of rain water to be 72 
dynes per cm., find the difference of pressure inside 
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and outside a rain-drop of diameter 02 cm. What 
would the difference of pressure amount to if the drop 
were to be decreased by evaporation to a diameter of 
•00002-cm.? [Punjab 1937) 


Atis. Let a glass capillary tube dip vertically in a liquid 
whose horizontal surface meets 
it at A (Fig. 22 a). A liquid 
molecule at A in contact with 
the solid e.\periences adhesive 
force due to the near molecules 
of the solid and cohesive force 
due to the near liquid mole- 
cules. The resultant force of 
ddhesion acts perpendicular to 
the tube at A and is represent- 
ed by the horizontal line AB, 
while the resultant force of cohesion 
vertical and is represented by AC. 



is inclined at 45° to the 


. These two forces are inclined to each other at 135°. Their 
resultant is represented by the diagonal AD of the parallelo- 
^gram ABDC, whose direction depends on the relative magni- 
|lucle of the two component forces. It makes a smaller angle 
with the greater component than with the smaller component. If 


j=: ( = cos 45°), AD is along the vertical. Therefore AD 


AB„ 1 
AC J2 

lies in the liquid [Fig. 22 (6)] or out of it [Fig. 22 (a)] accord- 
ing as AC is greater or smaller than AB\42. Similarly, all 
other liquid molecules in contact with the solid are under the 
action of such forces. As a liquid cannot permanently withstand 
a shearing force, its surface, in equilibrium, is everywhere at 
right angles to the resultant force there. 


In the first case, where AD lies outside the liquid, the liquid 
rnolecules near the tube are raised against the tube, and the 
surface is concave upward. This is the case with water in 
glass where the cohesive force AC is smaller than times 
the adhesive force AB. In the case of mercury in glass, the 
cohesive force AC is greater than )J2 times the adhesive force 
AB [Fig. 22, (5)]. AD lies in the liquid ; the liquid molecules 
near the tube are depressed, and the surface is convex upward. 
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Problem, It is shown in Q. 22 that in the case of a soap 
bubble, of radius R and surface tension T, tbe pressure inside 

4T 

it is greater than the external pressure by ^ . In the case of 

a liquid drop, unlike a soap bubble, there is only one liquid 
surface, and arguing as before, the excess of internal pressure 
2T 

is— • 

Surface tension of rain water =72 dynes/cm. 

(/) Radius of the rain drop =‘02 cm. 

Excess of pressure inside 

= 7200 dynes/sq. cm. 

(ft) Radius of the rain drop =‘00002 cm. 


Excess of pressure inside 


2X72 

,‘00002 


= 72 X 10^ dynes/sq, cm. 


Q. 24. Find the vapour pressure over a curved liquid 
surface, and explain the use of dust particles in con- 
densing a vapour. 


A ns. A capillary tube dips vertically in a liquid of surface 

tension T and density D [Fig. 23(a)] 
The vessel is enclosed and air is 
removed. When equilibrium is 
reached, the space above the liquid 
becomes saturated with vapour. 
Let the liquid rise in the capillary 
tube to a height h above the outside 
level, R be the radius of its concave 
meniscus, P and P' be the satura- 
Fig. 23 tion vapour pressures just over the 

flat and concave liquid surfaces respectively, and d be the 
average density of the vapour (under pressure P). Evidently 
the difference between P and P^ is equal to the pressure of 
a vapour column of height 

= hdg 



Of 


hg = 


P-P ' 

d 


(1) 



Q. 24. 


PROPERTIES OF MATTER 


51 


The pressure on the liquid side of the concave meniscus is 

2T 

smaller that on the vapour side by or is equal to 
2T 

P' — The pressure of the liquid in the capillary tube is 

equal to hDg, and as the pressure at a point in the capillary 
tube in level with the flat liquid surface is P, the pressure at 
a height h above it and just below the liquid meniscus is 
equal to P — /;Dg. 

2T 

= P-D from (1) 


or 


P-P'= 


ZTd 

R(D-ff) 


As D is greater than d, {D — d) is positive, and. therefore, 
saturation vapour pressure P’ over a concave liquid surface 
is smaller than that (P) over a flat surface of the same liquid, 


at the same temperature, by 


2Td 

R{D-dy- 


If the capillary tube is smeared with some oil so that 


the liquid does not wet it, instead of ascending in the tube 


it is depressed in it, and its meniscus is convex upward 
[Fig. 23(6)]. Proceeding as above, it may be shown that the 
saturation vapour pressure over the convex meniscus is greater 


than that over the flat liquid surface by 


2’Td 

R(D-d)‘ 


The excess 


of saturation vapour pressure is proportional to T and d, 
and is inversely proportional to {D — d) and the radius of 
curvature R. The smaller the radius, the greater is the 


saturation vapour pressure, that is, the saturation vapour 
pressure over a small drop of a liquid is greater than that 
over a large drop of the same liquid. 


If a very small drop of water is placed in water vapour 
whose vapour pressure is just saturated for flat water surface, 
it will not be saturated for the drop. The drop will, therefore, 
evaporate to increase the vapour pressure to its own saturation 
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value. As the radius of the drop decreases, its saturation 
vapour pressure increases, and it evaporates more and more 
rapidly. Hence it is not possible for the saturated water 
vapour to condense into drops, for as soon the formation of 
tiny drops starts, they begin to evaporate. The vapour may 
become supersaturated and still its condensation may not 
take place. 

On the other hand, if dust particles are present in the satu- 
rated vapour, they serve as nuclei of appreciable thickness, and 
condensation starts on them. The radius of cur\'ature of a 
drop, even at the very beginning, is not very small, and, 
therefore, its tendency to evaporate is very little. As its 
radius increases, the saturation vapour pressure for it becomes 
smaller and smaller, and its tendency to evaporate becomes 
negligible. Thus the dust particles help in condensing 
saturated vapour. 
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Q. 25. Describe and explain Fizeau’s interference 
method for finding the co-efficient of cubical expansion 
of a crystal. 


Alls. This method is used for crystals and other substances 
which can be obtained in small fragments 
only. A metal disc AB (Fig. 24) is supported 
by 3 very fine screu’s which pass through it. 

The crystal is cut with its two opposite 
faces parallel to one another and perpendi- 
cular to the axis along which the coefficient 
of linear expansion is to be measured. 

These faces are polished ; the upper 
face is made optically plane, and then 
piece C is placed on the plate AB. A glass 
plate DE, whose lower face is optically 
plane, is placed on the screws nearly parallel to the upper 
face of C and very near it. 


/I 




p ' 

1 



‘E 

c 

J 




Fig. 24. 


Monochromatic light is made to fall perpendicular to the 
glass plate with the help of a totally reflecting prism P. A part 
of the beam of light is reflected from the lower face of DE ; 
the rest falls on the upper face of C, and then suffers succes- 
sive reflections at the two surfaces bounding the thin air 
film. At each downward reflection from the lower face of 
DE, a part emerges upward, and the emerging rays produce 
parallel straight interference fringes, which are observed with 
a telescope fitted with cross- wires. If the crystal is transpa- 
rent, its lower face is blackened so that no light is reflected 
from it. 


The whole apparatus is placed in a double walled vessel 
w’hich can be kept at any temperature. On heating the arrange- 
ment, the thickness of the air film increases or decreases 
according as the expansion of the parts of the screws above 
AB is greater or smaller than the expansion of the crystal. The 
change in the thickness of the air film is equal to the difference 
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between the two expansions. As the thickness of the air film 
changes, the interference fringes are displaced, and a displace- 
ment one of bright to bright fringe corresponds to a change of 

thickness of the air film by ^ , where A is the wave-length of 

light used. To find the expansion of the screws, the experiment 
is repeated without the crystal. 


Let I be the thickness of the crystal and «• the co-efficient 
of linear expansion in this direction, /' the length of the parts 
of the screws above the plate AB and 0 -' their coefficient of 
linear expansion, i° the rise of temperature, and « the number 
of fringes shifted. 

Expansion of the crystal =/ct/ 

Expansion of upper parts of screws = /'«'/ 


Change in the thickness of air film 


11 X 
2 






or 


11 \ 


a = - 




If 


n\ , I'd' 
'’2lf'^ I 



The coefficient of linear expansion of a crystal is generally 
different in different directions. By repeating the above experi- 
ment, its values «!, tij, O-s are determined for three mutually , 
perpendicular directions. Consider a cube of each side /. "" 
On heating through t°, its three sides become f(l+cti/), 
/(l-bujf)) and /(l + c^at). 

Initial volume 

Final volume =f{l-f ctir) X /(l -f a^r) 

= l\l ) 

As cx,, c!„, and ct.T are very small, terms involving their products 
are negUgible, 

Increase of volume=/^(ai + a2-l-tt3); 

Coefficient of cubical expansion= 

Z X f 

:=c(j+(X2 + c(j5, 
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Q. 26. Show that the coefficient of cubical expansion 
is approximately equal to three times the coefficient 
of linear expansion. 

Describe a method of determining the absolute 
value of the coefficient of cubical expansion of 
mercury. [Bombay, 1931) 

Alls. Consider a cube of each side 1, coefficient of linear 
expansion «, and coefficient of cubical expansion "i. On 
heating it by t°, its each side becomes /(I +u/). 

Initial volume = 

Final volume ={Z(l+uz)}^ 

= Z^(l + 3ctZ + ) 

As rt is very small, terms involving its higher powers are 
negligible. 

Increase in volume = Z‘'x Suf 

, Z^XSuZ 

Coefficient of cubical expansion ~3<^. 

Regnault’s Method. Two glass tubes, ABCD and 
EFGH, are joined by a flexible metal 
tube DE (Fig. 25), and almost completely 
filled with mercury. Arm CD is surroun- 
ded by a hot oil both, while ice-cold 
water is passed through the jackets 
surrounding the arms EF, GH, and BA. 

Axes of arms BC and GF are throughout 
kept in the same horizontal line. The 
oil bath is kept well stirred, and its 
temperature Z°C is measured with an 
air thermometer. 

At the start, when arm CD is also at 0°C, arms EF and 
CD are both of the same height /;, but, owing to rise of tem- 
perature, the length of CD becomes /i(H-ut), where « is its 
coefficient of linear expansion, and D is depressed below E by 
//cx/. As the density of mercury in CD decreases from d at 
0°C to d' at t°C, 111 the height of mercury in AB, above the 
axis of CB, is greater than hi the height of mercurj' in GH, 
above the axis of GF, because considering the pressure at D, 
for equilibrium, the pressure of the column ABCD is equal 
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to the pressure of the column HGFED. E is slightly higher 
than D, and pressure due to this column DE is so small that 
no appreciable error is introduced if its temperature is taken to 
be 0°C. 

Pressure of the left column at D = 7/icfg + /;(l 

„ „ „ right „ „ „ = h'Jg+hdg + ho.idg 

= {hi+h{l-\-(f-t)]dg 
hidg-^-hil-^- o.t)d' g= {/72 + /7(l+ctO}dg 
or {hi — h^d = h[\.-\-0-t)[d — d') 

If a mass M of mercury has volume V at 0'’C and V' r/.t t°C, 
and its coefficient af absolute expansion is 1, then M=V7f= 

= + or d' = :r-^~~d{\-’-if), as 'if is very 

1 “r it 

small as compared with 1. Putting this value of d' in the 
above equation, we get 

{III — Jiz)d= [d— d-\-d'‘it) 

= /i(l + tt/) d'U 

■ ^ • 

/7(1+Ctt)t 

Q. 27. In a mercury thermometer, as well as in a 
constant pressure air thermometer, temperature is mea- 
sured by the change in the volume of the indicating 
substance. Explain why for all standard measure- 
ments a gas thermometer is always preferred. Des- 
cribe Callendar’s form of constant pressure air ther- 
mometer. [Calcutta, 1931) 

Alts. With change in temperature, the volume of the indi- 
cating substance changes, and this affords a measure of the 
change of temperature. For the following considerations a 
gas thermometer is preferred to a mercury thermometer : — 

1. The coefficient of expansion of a gas is very great as 
compared with that of mercurjs therefore a gas thermometer 
is very sensitive. 

2. The expansion of the containing vessel is not exactly 
regular. As the expansion of the gas is very great, the expan- 
sion of the containing vessel need only be known approxi- 
mately. 
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3. The expansion of mercurj' is not regular, but a gas 
expands at a uniform rate, that is, equal changes in tempe- 
rature produce equal changes in its volume. 

4. The range of temperature for a mercury thermometer 
is very much restricted, but for a gas thermometer it is %’ery 
wide. It can be employed for both very high and very low 
temperatures. 

5. The thermodynamic scale of temperature is the ultimate 
standard, and a perfect gas scale is identical with it. In all 
actual cases there is some deviation, but the correction can be 
calculated from the behaviour of the gas. 

Callendar’s Thermometer. In the ordinary constant 
pressure air thermometer, • 3 

the connecting tube and 
other parts are not at the 
same temperature as the 
bulb. This difficulty is 
overcome in Callendar’s 
compensated thermo- 
meter. Bulb A (Fig. 26) 
is connected with a cali- 
brated mercury reservoir 
D, which is almost filled 
with mercury, and with an 
exactly similar bulb E 
through a sulphuric acid gauge G. A compensating tube C 
runs side by side with the connecting tube B and is exactly 
similar to it. The mass of dry air on the two sides of the 
gauge is exactly the same. 

The instrument is placed in pure ice, and the level of mer- 
cury in D is adjusted for equality of pressure. Then A is 
placed in the substance whose temperature T absolute is to 
be measured, but the rest of the instrument remains in ice 
at To° absolute. Air in A is heated and its pressure rises. 
Some mercury is withdrawn from D to allow this air to expand 
and come back to its original pressure. 

Let V be the volume of A and V' the volume of mercury 
withdrawn from D, both being measured at To°. Therefore, 
when the temperature of A is raised to T° the mass of air 
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filling it ilioi bad a volume V “V' at jo"i that is, a mass of 
air occupies volume V — at To° absolute, and bas ^'olnme 
V at absolute and at ,tbe name prcnnurc. Any ebanges in ^ 
tbe temprature of Band C arc exactly equal, and tbeir efiects 
counterbalance each other. 

^ V-V 

*'■ T T„ 


With rise of temperature, tbe volume of A increases, and a 
correction should be applied for Ibis change. 

Q. 28. Obtain a relation between the pressure of a 
gas and the speed of its molecules, and show that the 
absolute temperature of a gas is proportional to the 
square of the speed. 

If the density of nitrogen at N. T. P. is 0’00125 gram 
per c.c,, what is the speed of its molecules ? 

{Bombay, 1935) 

Ans. A gas consists of verj’ sparsely distributed similar 
molecules moving haphazardly with very great speeds in 
straight lines. Even a very small volume contains an enor- 
mous number of molecules, and their size is nepligiblc as com- 
pared with the vacant space. The^' collide tvitli each other 
verj' frequently, but, as it is assumed that there is no cohesive 
force between them, their collisions are instantaneous, and the 
whole of the time is spent in free flights. They are perfectly 
elastic spheres and, therefore, when a collision occurs, there 
is no loss of momentum or kinetic energy : equal and opposite 
changes of velocity take place, and each molecule continues 
the journey of the other as if no collision had taken place. 

Let a hollow cube, of each side I, contain n molecules, each 
of mass m. Different molecules are moving with different 
velocities in different directions, but the velocity of any mole- 
cule may be-sponsidered to be resolved into three rectangular 
components, each being perpendicular to a pair of opposite 
faces. \Yhen a molecule strikes any inner face of the cube, 
the component of its velocity perpendicular to fltat face only is 
reversed, the other two components remain unaffected. 
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Consider a molecule moving with velocity ci, whose rectan- 
gular components are .Vi, 3 >i, and Si, so that = + 

' When it strikes a face perpendicular to the component Xi, its 
velocity .ti and momentum mxi are reversed, that is, its 
momentum is changed by 2mxx inward, and that wall expe- 
riences an equal and opposite (oiitxvard) change of momentum. 
Then this molecule may be considered to fly to the opposite 

face ; it strikes it after time—, imparts momentum 2 niXi to 

X, 

21 

that face, and comes back to the first face after time — 

■Vl 

Thus it strikes each of these two faces times in a unit 
time, and, therefore, the rate of change of momentum of either 
of these two faces, due to this molecule, is 2>;;.ri X 


or for the two faces together its value is 


2mx\ 

I 


Similarly, considering the other two components, the rate of 
change of momentum of the corresponding pairs of opposite 


faces is 


2wi3’/ j 2;»si^ 


and 


Treating the impacts of all the 


1 / 

molecules, the rate of change of momentum of all the six 
faces, or the force (thrust) F on them, is given by 


2vt / 2 I 2 1 1 2\ , 2x11 

F = — (.vi^ + -r/ + + x.^) + -y- 


(3’r+3’2=^+. 


■y») 


2m 


I 


+ s„^) 


2 m 
I 

2m 

1 


(,Vi^ + 3’r + + ^ 2 “ + ^2^ + ^2^ + + x,^ + 3’ii^ + n<.^) 

2muc^ 


(Ci“ + C2'+ + C,.^) = ' 


1 


Here is equal to 


Ci‘' + C 2 ^+ + c„' 


, and is called mean 


square velocity. 

Area of six faces = Sf ■ 


Pressure P = - 


Thrust 2mnc? 


area 


IX 


mnc 

3V 


.( 1 ) 
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where V (=/^) is the volume of the gas. 

PV- 

or ^^-3 

But for a perfect gas having volume V and pressure P at 
absolute 

PV=RT 


where R is a constant, 

mne? 

■■ 3 


T 


RT 


111110 " 

3R 


Thus, as Hill is the mass of the gas and is constant, its 
absolute temperature T is proportional to the iitean square 
velocity c* of its molecules. 


Problem.' In equation 


( 1 ), 


inn 

'V 


is the density of the gas 


Normal pressure = 76 cms. of mercury 

= 76X 13’59X981 dynes./'sq. cm., 
where 13*59 gms./c.c. is the density of mercury, and 981 
cms./sec. sec. is the acceleration due to gravity. 

3X76X 13*59X981 
mil *00125 


c at 0*^0 = 




/ 3X76X 13*59X981 
*00125 


= 49290 cms./sec. 


Q. 29. Explain the failure of Boyle’s law to account 
for the variation of volume with pressure in the case 
of the common gases. 


Derive Vander Waal’s equation, and explain the 
significance of the correction terms. (^Punjab, 1938), 

Alts. According to Boyle’s law the volume V of a given 
mass M of a gas, at constant temperature, varies inversely as its 
pressure P, or PV is constant. In Q. 28, it is proved that^ 
Mc^ , 2 . , 

PV=— ^ ’ where c js the mean square velocity of its mole- 
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cules and changes with temperature onl}'. In deriving this 
relation it is assumed that the gas molecules do not exert 
cohesive forces and that their volume is negligible as compared 
with the vacant space in which they roam about. In the case 
of common gases, even at ordinary pressure, these assumptions 
are not perfectly valid, but at high pressures they become more 
and more inadmissible, and volume does not vary with pressure 
in accordance with Boyle’s law. 

Force of Cohesion. Within a gas a molecule is attracted 
equally in all directions, and the cohesive forces produce no 
change in its speed. When it is very near the surface boundary, 
it is attracted inxoard only, and, therefore, in coming to the 
surface its speed is decreased. It strikes the walls of the con- 
taining vessel with this decreased speed, and hence the pressure 
actually exerted by the gas is smaller than that calculated 
for a perfect gas, where the force of cohesion is neglected. 

This decrease in pressure is proportional to (l) the number 
of attracting molecules per unit volume, and (2) the number 
of attracted molecules striking unit area of the walls of the 
containing vessel in a unit time. But both these factors are 
proportional to the density of the gas. Therefore the decrease 
in pressure is proportional to the square of the density of the 
gas, or inversely proportional to the square of its volume. 


or equal to 



where c? is a constant. 


Thus if the volume is 


made half, the number of attracting molecules is doubled, and 
the number of molecules hitting unit area of the walls in a unit 
time is also doubled ; therefore the difference between the ideal 
and observed pressure is quadrupled. 

.’. Pressure exerted by a ^er/ecfgas=P(obser\'ed pressure) + 


Size of Molecules. The gas molecules have finite size, 
and this correction becomes more prominent when the gas is 
compressed. The actual free space in which the molecules 
move about is smaller than the internal volume of the contain- 
ing vessel. When a gas is compressed, the total volume is 
decreased in a certain ratio, but, as the molecules are incom- 
pressible, the free space is decreased in a greater ratio. 
Similarly, when the total volume is increased in any ratio, the 
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free space is increased in a greater ratio. Therefore the 
volume xvlitcli changes with pressure is (Y“ b), where b is 
found to be four times the total volume of the molecules. 
That b should be greater than the total volume of the molecules 
is clear from the consideration that when all the molecules 
are moving about, they obstruct each other's motion more than 
if some are at rest and some in motion. 

Making these corrections in the ideal gas equation PV=RT, 
Van der Weals obtained the equation 

(p+|2](V-6) = RT. ■ • 

This equation is more in accordance with the experimental 
results than the ideal gas equation, but still it is an approxima- 
tion only. 

Q. 30. Derive the reduced equation of a gas, start- 
ing from the Van der Waals’ equation of state ; and 
show that if two gases have the same reduced pressure 
and volume, they also have the same reduced temper- 
ature. {Punjab, 7934) 

Ans. Reduced Equation. Van der Waals’ relation for 
a gas occupying volume V and exerting pressure P at T° 
absolute is given by 

(p+~) (V-6) = RT, ...(1) 

where a, b, and R are constants. 

On expanding, this equation may be put in the form 

PV+|-Pb-^,= RT 

or P + aV - FbV' -ab=^ RTV“ 

or V^-(6 +^)vH^V-^=0 ...(2)- 

This is a cubic equation in V, and has three roots for given 
values of P and T. At the critical point sW the three roots, 
are equal. Let the value of critical volume be x, then 

V ~x=0 
(V 

V^-3xV^+3x~V~x^=0 


or 

or 


...(3) 
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In equations (2) and (3), as the coefficients of are equal, the 
coefficients of the other equal powers of V must also be equal. 


RT 

3.v=6 + — 

...(4) 

3.-=p 

...(5) 

3 ab 
•"=P 

...(6) 


Dividing (6) by the corresponding sides of (5), 

JhL = £^. P 

P a 

Critical volume x=3b 
From equation (5), 


Critical pressure P- 


3.v'= 


a 

276" 


From equation (4), 


RT 


= 3x--b — 8b 


Critical temperature T = — ' 

xV ^7 U 

_ 8a 


8b 

R 


27R6 

Two gases are said to be at corresponding temperatures if 
their temperatures bears the same ratio to their respective 
critical temperatures Similar is the meaning of corresponding 
pressures, or corresponding. volumes. 

Putting P, V, and T in equation (l) as fractions of the 
corresponding critical constants Pc, Vc, and Tc of the gas, and 
equal to aPe, /3Vc, and '/Tc respectively, 


( ctPc+ ^,)(/3Vc-6) =R‘/Tc 


0 

Then ex pressing .Pc, VC and Tc in terms of a, 6, and R, as 
found above, 

8ia 
276 


or 
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Dividing both sides by > we get 

(<^ + ^)(3;8-1)=81 (7) 

This equation is called the reduced equation of state. It is 
independent of anything peculiar to a gas, and, therefore, 
applies to all gases. When two gases have the same values 
of any two of ct, /3, and they must have the same value of 
the third. Hence if they have same reduced pressure and 
volume (same ft and /3), they also have the same reduced 
temperature (same 'i). 

Q. 31. Give an account of Andrew's experiments on 
carbon dioxide, showing by a sketch the general nature 
of the isothermals, above and below the critical 
temperature. {Calcutta, 1934) 

A ns, Andrew’s Experiments. A calibrated tube ABC, 
[Fig. 27(a)] whose upper part AB was 
very narrow, was filled with carbon 
dioxide by passing the dry gas through 
it for about 24 hours, and its both 
ends were then sealed. Its lower end 
was dipped in mercury and then 
broken, and by alternately heating and 
cooling its lower part was partially 
filled with mercury. A second tube 
was similarly filled with air, whose 
variation of volume with pressure was 
already accurately known. 

The volume, pressure and tempera- 
ture of the two gases were measured, and then the two tubes 
were fitted in two metal cylinders [Fig. 27 (h)], which were 
connected with each other by a horizontal tube and filled with 
water. The cylinder’s joints were made water-tight. The 
projecting parts of both the tubes were surrounded by water 
jackets. The temperature of the air tube was rupt the same 
throughout, but carbon dioxide was experimented on at 
diflerent temperatures. By screwing the plungers S, S, the 
same pressure was applied to the two tubes, and w^as calculated 
from the obseiwed compression of air. Readings were taken 
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after the mercury pellets had reached the projecting parts of 
the tubes, and were continued until the 
smaillest volume which could be accurate- 
ly measured was reached. The experi- 
ment was repeated with carbon dioxide 
at different temperatures. 

Fig. 28 shows the variation of the 
volume of a given mass of carbon dioxide 
with pressure at different temperatures. 

Each cur\'e shows the variation at a 
constant temperature and is called an 
isothermal ; the lower three curves are 
for temperatures below the critical temperature, while the upper 
three isothermals are for higher temperatures. 

In the lowermost isothermal, the vapour is unsaturated from 
A to B; at B it is saturated, liquefaction commences and is indi- 
cated by a sharp change. This occurs under the saturated 
vapour pressure for this temperature. BD is parallel to the 
volume axis, and here there is a mixture of saturated vapour and 
liquid. Liquefaction becomes complete at D ; further increase 
in pressure compresses the liquid very slightly, and, therefore, 
DE is almost parallel to the axis of pressure. 

The higher isothermals are similar to the first, but here 
liquefaction commences at a higher pressure and smaller 
volume and is complete at a greater volume than at the lower 
temperature. This shows that with rise of temperature vapour 
(saturated) density increases and liquid density decreases. 
These two densities approach each other and become equal at 
the critical temperature. The dotted curve joining the 
extremities of the horizontal parts of these isothermals is called 
border curve, and the critical point C lies at its apex. 

The fourth isothermal, for a temperature slightly higher than 
the critical temperature, shows ;zo discontinuity, and there is a 
continuous decrease in volume. The whole mass remains 
homogeneous throughout, and the only change is a bend, which 
Njndicates a large decrease in V with a slight increase in P. The 
gas. cannot be liquefied above its critical temperature. 

Tills bend decreases with rise of temperatures, and higher 
jsothermals have no such bend. They become more and more 



Volume 
Fig, 28. 
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similar to the isothermals of the permanent Rases at ordinary 
temperatures. 

Thus the border curv'c closely indicates the different stales of 
a substance : to its right the substance is unsaturated vapour, 
within it there is a mixture of saturated vapour and liquid, to 
the left it is entirely in the liquid state, and about C it is in the 
gaseous condition. 

Q, 32. Explain why the specific heat of a gas at 
constant pressure is greater than its specific heat at 
constant volume. 

Describe the method of determining the specific heat 
of a gas at constant volume by the calorimeter, 

[Piftijab, 1929) 

Alls. The specific heat of a substance is equal to the 
amount of heat required to raise the temperature of a unit 
mass of the substance through one degree. When a gas is 
heated, its pressure as well as its volume may increase, but, 
for simplicit}’, we consider two cases : (1) when its volume is 
kept constant, and (2) when its pressure is kept the same 
throughout. In the first case heat supplied is used in increas- 
ing the speed and the kinetic energy of the molecules. As a 
result of this, the temperature and pressure of the gas are 
increased, but as there is no change of I’olume, no work is 
done by the gas. 

When the pressure is Icept constant, the gas has to be 
allowed to expand. During the expansion rc’or/c is done by the 
gas in pushing back the atmosphere, and an equivalent 
amount of heat energy is absorbed ior this work done. In 
addition to this the amount of heat required to raise the tem- 
perature of a given mass of the gas through a given range of 
temperature is the same as in the first case, when volume is 
kept constant. Therefore the specific heat of a gas at 
constant pressure is greater than its specific heat at constant 
volume. 

Joly’s Steam Calorimeter. Two hollow copper spheres 
of the same size and mass, that is, of equal thermal capacities., 
are suspended by fine platinum wires from the two pans of a 
balance, and are enclosed in a chamber in which dry steam 
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can be passed. Each sphere carries a small tray at its bottom 
in which condensed steam is collected. The two spheres are 
exhausted and counterpoised, and dry steam is allowed to 
enter the chamber. Steam condenses on both of them, and 
if, when steady condition is reached, the balance remains 
undisturbed, it shows that they have equal thermal capacities. 
The holes where the suspension wires enter the chamber 
are made narrow so that steam coming out of them 
may not disturb weighing. Their sides are covered with 
plaster of pans, and the suspension wires are surrounded by 
electrically heated coils ; otherwise steam condenses on the 
holes, and, due to capillary action, weights cannot be found 
accurately. 

Then the chamber and the spheres are dried. One of the 
spheres is filled with the dried gas at any desired pressure, and 
the mass of the gas is found by counterpoising the balance. 
The temperature of the chamber is found with a sensitive 
thermometer, and then dry steam is passed through it. More 
heat is required to raise the temperature of the sphere contain- 
ing the gas than the other sphere, and, therefore, more steam 
is condensed on the former than the latter. When steady 
condition is reached, the difference between the two amounts 
of steam condensed is found. This difference represents the 
amount of steam whose latent heat set free on condensation 
has raised the temperature of the gas only, if the spheres have 
equal thermal capacities. 

Mass of the gas =M 

Specific heat of the gas at constant volume = Cv 

Initial temperature =ti 

Temperature of steam = ^2° 

Additional mass of steam condensed = >« 

Latent heat of steam =L 
. . M ^ Cv (fg fi) “//^L 

_ vtL. 

Corrections qre applied for the expansion of the sphere due 
to increase in temperature and pressure of the gas, and any 
slight inequality in the thermal capacities of the two spheres, 
and the weight of water condensed is found in vacuum. 
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Q. 33. Clearly distinguish between the specific heat 
at constant pressure and that at constant volume of 
a gas. 

Describe an accurate method for measuring the 
specific heat of a gas under constant pressure, deducing 
the formula to be used. {Cal. 1935) 


A ns. For first part see Q. 32. 

Regnault's Method. The gas, whose specific heat at 
constant pressure is required, is dried and compressed in a 
reservoir R, (Fig. 29) which is surrounded by a water bath to 
keep its temperature constant at /°C. The gas is passed 

through a spiral tube dip- 
ping in a heated oil-bath B, 
kept at a constant tempe- 
ture, and then through a 
spiral tube placed in the 
calorimeter C. Here it 
raises the temperature of the 
Fig. 29. calorimeter and its contents, 

and then escapes into the atmosphere. The liquid in the 
calorimeter is constantly but gently stirred so that its tempe- 
rature is the same as that of the escaping gas. 

The stop cock S is so regulated that the gas flows at a 
constant rate, and this is indicated by the manometer A. 
Two manometers show the pressure of the gas on entering and 
leaving the calorimeter, and their difference is very small so 
that the gas cools in the calorimeter at almost constant pres- 
sure. The calorimeter is placed very near the oil- bath to 
ensure that th&fgas enters it at the temperature of the oil-bath, 
but is protected so that it may not receive heat directly from 
the bath. 



Two sensitive thermometers are used to find the temperature 
ti°C of the oil-bath and the initial t-zC and final t-^Q. corrected 
temperature of the calorimeter. When the gas passes, the 
temperature of the calorimeter and its contents rises progres- 
sively, and the temperature of the escaping gas becomes higher 
higher, but as the gas flow’s at a uniform rate, on an average, 


its temperature falls from ti° 

to°-\-t° 

• of the calorimeter. 


to the mean temperature 
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Another manometer is used to find the initial pressure Pi 
and the final pressure P... of the gas in the reservoir. Let D 
be the density of the gas at the normal pressure P and 0°C, 
and V be the volume of the reservoir. 


P ^7^ 

Density of the gas at Pj and ^°C =DX X . " ■ — , 

P (2/o + fj 


P2 


„ P^ and /°C = DX 


X 


273 


(273 + f) 


, , .... . DP,X273 

Initial mass of gas in the reservoir— v X p ^273 

Final = 

„ „ „ „ p(273 + f) 

VD(Pi-P2)273 
.. Mass of the gas passed out= — p( 9 y 3 + f ) 

Let C/, be the specific heat of the gas at constant pressure 
and III be the thermal capacity of the calorimeter and its 
contents. 


or 


.VD(Pi-P2)273 . /. h+tA_ , . 

•• W273 + t) V' 2 

w(<3-f2)(273 + /) P 


VD (P, -P 2 ) 273(^1 - 


Q. 34. Show that for a perfect gas C^— Ci.=R, 
where C/, is the specific heat of a gram-molecule of 
a gas at constant pressure and Cv the specific heat at 
constant volume and R is the gas constant. 

Calculate C^, for hydrogen, given that C/, = 6‘85 cal. 

Density of hydrogen at N. T. P. = 0'0899 gm. /litre, 
and J = 4’19x 10^ ergs./cal. {Punjab, 1938) 


Alls. The specific heat of a gas at constant pressure is 
greater than that at constant volume, because in heating a gas 
at constant pressure its volume increases and external work is 
done by the gas in pushing back the atmosphere, at the cost 
of heat energy, and in addition the same amount of heat is 
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required to heat the same mass of the gas through the same 
temperature when its volume is kept constant. As the 
pressure remains constant, the amount of work done is equal 
to the product of pressure and the increase in volume. 

Let a gram-molecule of a gas have pressure P dynes/sq. cm. 
and volume V c.cs. at temperature T absolute (centigrade). 
When its temperature is raised by dT°C at constant volume, 
the amount of heat absorbed by it is equal to C^-dT calories. 
If its pressure is kept constant, in raising its temperature by 
the same amount its volume increases by cJY, and the amount 
of heat absorbed is equal to Cp. clT calories, which is greater 

P.rfV 

than CvcfT by P.dV ergs, or — — calories, where J is the 

mechanical equivalent of heat in ergs per calorie. 

P. dV 

C^dT=C„. 

For a perfect gas, Py= RT, which on differentiating gives 
P.rfV= 

when P is kept constant. Putting this value of P.cfV in the 
above equation, we get 

TJ J'T 

C^.dT^C\ dT+ ^^ 


or (C/,-C,.) = 

Here the gas constant 


is taken in mechanical units. 

R 


Its value in thermal units is equal to -j— 

In this treatment it is assumed that there are no inter- 
molecularforces, and, therefore, the internal energy of the gas 
does not change when its volume is changed. 

Problem. 

Mechanical equivalent of heat =4'19X 10^ ergs/cal. 
Atomic weight of hydrogen = POOS 
Molecular „ „ „ =2’016 

Volume of ‘0899 gm. at N, T. P. = 1000c.cs. 

1000X2’016 

„2 016gms.„ „ c.cs. 
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Normal pressure = 75 cms. of mercury 

= 76 X 13‘59 X 981 dynes/sq, cm. 
Putting these values in the gas equation, we get 


PV _ 76^X1 3'59X 9 81 X 1000 X2'016 
T ” ^ ^ 0'0899X273 


ergs per gm.-mol. 
per '^’C 


76x13‘59X981 X10D0X2‘016 
J •0899X273X4*19X 10^ 

= 1 '986 cals, per gm.-molecule per °C ' 



= 6'85-r986 

=4'864 cals, per gm.-molecule per "C. 

Q. 35. Define the term ‘specific heat of saturated 
vapour.’ Explain how this may in some cases be a 
negative quantity. [Bombny, 1935) 

A us. The specific heat of a saturated vapour is equal to 
the amount of heat supplied to raise the temperature of 
a unit mass of it through 1°, keeping it throughout just . 
saturated. The vapour pressure of a liquid increases with 
temperature, and when the temperature of its saturated 
vapour is raised, it becomes nnsatttratcd. To keep it just 
saturated its volume has to be decreased appropriately by 
subjecting it to greater pressure, and the energy used in doing 
work on the vapour is converted into heat. Thqs the speci- 
fic heat of a saturated vapour is neither at constant pressure 
norat constant volume. 

Let the two lowermost isothemials of Fig. 28 be for a unit • 
mass of the substance, and their temperatures differ by 1°. 
At B a unit mass of the vapour is saturated at the lower 
temperature, and at B' it is saturated at a 1° higher tempera- 
ture. In order to keep it just saturated throughout, its pres- 
sure and volume have to be so adjusted that it travels along 
the border curve BB, and the amount of work done on the 
vapour is given by the area enclosed by the ordinates at B 
and B', border curve BB', and the axis of volume. Let the 
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amount of heat produced in this way be equal to H' units, 
and H units be the amount of heat required to raise the tem- 
perature of the vapour as explained above. Now three cases 
arise according as H’ is equal to, smaller, or greater than H. 

1. When H' is equal to H, heat produced by work done 
in compressing the saturated vapour to keep it saturated is 
just sufficient to raise the temperature of the vapour through 
1°, In this case no heat need be supplied from outside for 
raising the temperature of the saturated vapour, and, therefore 
its specific heat is said to be zero. This does not mean that 
there is no change in the thermal energy of the vapour. The 
heat energy of the vapour increases, but this is due to the heat 
produced by the work done on it, and no heat energy as 
such is supplied from outside. 

2. When H' is smaller than H, heat produced in compress- 
ing the vapour is not sufficient to raise its temperature by 1°. 
In this case some heat has to be supplied from outside, and 
the specific heat of the saturated vapour has a positive value. 

3. When H' is greater than H, heat produced in com- 
pressing the vapour is more than sufficient to raise its 
temperature by I'’. In this case not only no heat energy 
as such has to be supplied from outside, but some of the 
heat produced in compressing has to be removed from the 
vapour so that the rise of temperature is just 1°. Here 
the specific heat of the saturated vapour is called negative, 
but this does not mean that the final heat energy of the 
vapour at the higher temperature is smaller than its value 
at the initial lower temperature. There is a definite increase 
in the heat energy of the saturated vapour, but this is due 
to a part of the heat produced by compression, and the rest 
of the heat produced has to be removed from it, though its 
temperature is raised. 

Q. 36. Describe a method of determining the ratio 
of the specific heats of a gas at constant pressure and 
constant volume. How has the mechanical equivalent 
of heat been calculated from a knowledge of this ratio? 

{Allahabad, 1929) 

A ns. Clement and Desormes' Method. A large 
glass flask of thick walls is placed in a wooden box and 
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surrounded by a large amount of some non-conducting materia! 
so that appreciable heat cannot be 
quickly conducted to or from the flask 
(Fig. 30). It is connected by a side 
tube with a manometer in which a 
liquid of loxo density and negligible 
vapour pressure is used. It is filled 
with the dry gas at a pressure greater 
than the atmospheric pressure P, and 
the stop cock S is closed. After some 
time when the enclosed gas attains Fig. 30. 

room temperature, its pressure Pi is calculated from the 
readings of the manometer and a barometer. 

The stop -cock is opened for a fezo seconds, when some of 
the gas rushes out to equalise the pressure, and closed again. 
This expansion of the gas is adiabatic and its temperature 
falls. Then heat is absorbed by the flask; after some time 
the temperature of the gas rises to its original value, and its 
pressure increases to Po. In this last process the level of 
the liquid in the manometer is depressed on the side of the 
flask, but as the volume of the flask is very large as compared 
with the volume of the manometer, the volume of the gas 
remains practically the same. Therefore the increase of 
pressure from P to Pa takes place at constant volume. 

Let the volume of the flask be Y, and Vj be the volume 
of that part of the compressed gas in it at pressure Pj which 
on opening the stop-cock becomes V and fills the whole 
flask at pressure P. 

.-. PiVi'>'=PV»' 



Here "i is'the ratio of the specific heat of the gas at constant 
pressure to its specific heat at constant volume. As the final 
temperature is equal to the initial temperature, the change of 
volume Vi at pressure Pi to volume V at pressure Pg is 
isothermal. 

:. PiVi = PaV 

Zi 

Vi Pa 



or 


( 2 ) 
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Putting this value of in (l), 

or log Pi -log ? = '/ (log Pi -log P 2 ) 

. log Pi - log P 

log Pi - log Po 


Mechanical Equivalent of Heat. Let one gin. of a 
gas have volume V c.c. at a pressure of P dynes per sq. cm. 
and temperature T° absolute (centigrade). When its tem- 
perature is raised by dT° at constant volume, the amount of 
heat absorbed by it is equal to Cv-dT calories, where Cv is its 
specific heat at constant volume. If its pressure is kept 
constant, its volume increases by dY when its temperature is 
raised by and the external work done by the gas, at 

the cost of its thermal energy, is equal to PdV ergs. If C/, 
is the specific heat of the gas at constant pressure, the amount 
of heat required in this case is equal to C^.dT calories, which 

PdV 

is greater than C,..dT by P.dV ergs, or — ^ — calories, where J 
is the mechanical equivalent of heat in ergs per calorie. 

P dY 

C„. dT=Cv. dT+-^~ 

For a perfect gas, PV = RT, where R is the gas constant for 
one gin. of the given gas. This on differentiating gives 

PdV = R.dT, 


as P is kept constant. Putting this value of P.dv, the above 
equation becomes 

Cp.dT=C,..dr + ^^4^ 


or 



If either of Cp or Cv is known, the other can be found from 
the known value of and then the value of J can be calculated 
from the last equation. 
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Q. 37. Differentiate clearly between an isothermal 
and an adiabatic operation. 

Show that the slope of the adiabatic through a point 
in P — V diagram of a perfect gas is 1 times that of the 
isothermal curve through the same point. {Calcutta, 1936) 

A ns. In an isothermal operation the pressure and volume 
of a substance are changed, but its temperature is kept the 
same thronghout. At each stage of the operation heat is 
supplied to the substance or is removed from it according as 
work is done by the substance or on it. In the first case 
work is done by the substance at the e.'cpense of its thermal 
energy, and to make up for this loss heat has to be supplied 
to it. If work is done on the substance, this mechanical 
energy is converted into heat, which has to be removed from it 
to keep its temperature constant. There is a transformation 
of energy, but the thermal energy of the substance remains 
the same throughout. 

For a given mass of a perfect gas the product of its pressure 
P and volume V is constant at a given temperature T° absolute, 
and the equation of the isothermal for this temperature is 
given by 

PV = RT, 

where R is the gas constant for the given mass. 

In an adiabatic Operation the pressure and volume of a sub- 
stance are changed, but no heat energy as such ‘enters or leaves 
it. If it is compressed, work is done on it ; its thermal energy 
is increased, and its temperature is raised. Owing to rise of 
temperature, the final volume is greater than would have been 
produced by the same increase of pressure under isothermal 
conditions. If it expands, work is done by it at the cost of its 
thermal energy, and this results in its fall of temperature. 
Therefore the final volume is smaller than would hav'e been 
produced by the same decrease of pressure in an isothermal 
change. Thus in this operation, the heat energy of the 
substance is increased or decreased, but no energy is added 
to or removed from it in the form of heat energy. 

For a given mass of a perfect gas the product of its pressure 
P and volume changes, but PV”'’ remains constant, where i is 
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the ratio of the specific heat of the gas at constant pressure to 
its specific heat at constant volume. 


Slope of an Adiabatic. Let A be a point on an iso- 
thermal BAB' (Fig. 31) for a itnit 
mass of a perfect gas. All points 
above this curve are for higher 
temperatures and all points below 
it are for lower temperatures 
than its temperature. If the gas is 
compressed adiabaticallj% its tem- 

perature rises and, the adiabatic AC 

^ lies above the isothermal AB. Simi- 

F'g- 31. larly, when the gas expands adiaba- 

ticall}’, its temperature falls, and the adiabatic AC' lies beloiv 
the isothermal AB*. Therefore the adiabatic curve passing 
through a point is steeper than the isothermal curve passing 
through the some point. 



If the changes are very small, both the isothermal BAB' 
and the adiabatic CAC' are practicallj' straight lines. Let 
the isothermal and adiabatic be inclined at d and to AD, 
drawn parallel to the axis of volume, and CBD be parallel to 
P-axis. Instead of going directly form A to C or B, we may v 
go first from A to D and then from D to C or B as the case 
may be. This makes no difference as far as the change in the 
thermal energy of the gas is concerned. 

If the temperature of D is 8T° below that of A, in compress- 
ing the gas from A to D at constant pressure, heat removed 
from it is equal to C/,.ST, where C^ is the specific beat of 
the gas at constant pressure. If this much heat is now 
returned to the gas, point C on the adiabatic CA is reached. 
In going from D to B, the temperature of the gas is raised, 
at constant volume, by ST° as B lies on the isothermal BA, 
and the amount of heat absorbed by it is equal CtrfT, where C,. 
is the specific heat of the gas at constant volume. 

Heat absorbed in going from D to C = C/,. ST. 

» „ „ „ DtoB = Cv.6T. 

Slope of adiabatic _ tan y _ DC AD _ DC 
Slope of isothermal tan 6 AD DB ~ DB 


C^.ST „C^ 
C,..ST Cv 
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where 'Z is the ratio of the specific heat of the gas at constant 
pressure to its specific heat at constant volume. 


Q. 38, Derive for a perfect gas the relation con- 
necting pressure and volume during an adiabatic 
change. 


Calculate the rise in temperature when a gas, for 
which = is compressed to eight times its original 
pressure, assuming the intial temperature to be 27°C. 

{Punjab, 1937) 

Alls. First Method. See Q. 37 for proving that the slope 
of an adiabatic of a perfect gas at a point is ‘{ times the slope of 
"the isothermal passing at that point, where "i is the ratio of the 
specific heat of the gas at constant pressure to its specific heat 
at constant volume, and pressure P and volume V are taken 
along the Y-axis and X-axis respectivelj'. For an isothermal, 
PV = constant, which on differentiating gives, 

P.dV-l-V.<fP=0 


or 


Slope of isothermal = 
Slope of adiabatic = 


dP 

dY 

dP 

dV 


dP , 'i.f/V 

■p +~V~ 


1 ^ 

V 

V 


= 0 . 


This on integrating gives 

log P-f 'V log V = constant 
or log PV’''^= constant 

or PV'^= constant. 

Second Method. When a unit mass of a gas is supplied 
with dH units of heat, a part of it is used in doing external 
work PdV, and the remaining increases its temperature by 
dT° and is equal to Cv.dT. 

C,:dT+P.dv=dH. 

Here dH and C,, are given in inechaiiical units. When 
the expansion is adiabatic, no heat energy is supplied to, or 
removed from, the gas, and the external work is done by the 
gas at the cost of its thermal energy. 

C,„dT-fP.dv=0 


( 1 ) 
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For a perfect gas, PV = RT, where R is the gas constant 
for unit mass, and this on differentiating gives 
Pr/V + Vfl'P=RJT 
Putting this value dT in (2), we get 
'PrfV + V^/Py 


Cv 


R 


+ PrfV = 0 


PdV(C..+ R)+C„. Vr/P=0 
C .P</V + C...VVP = 0 

VifP + ^P.dV=0 


[ ’•' Cy, ~ Cv — R 


Then integrating 


as in the first method, we get P\^^ 

= constant. 

Problem. Let Pi,Vi, and T, be the initial values of pres- 
sure, volume, and absolute temperature, and Pj, V 2 . and Tj 
be the corresponding final values. 

Pi Vi^^PaV,^ 

/'X2V=P 

\Vx) P 2 

1 

Vi LP2J 

. For the initial temperature, 

P,V,= RT. 

and for the final. temperature, 

P.Y2=RT2 


or 


or 


( 3 ) 


.(4) 


(5) 

Dividing the .corresponding sides of (4) and (5) and putting 


the value of from (3), we get 

' I 

- T2_P2 V, 


' l-i 
7 


Ti Pi Vi P. [pj \pj 
In this problem, Ti=273'’+27°=300° absolute, 
P 2 =SP], and */=l'5 

T 2 = 300 =300XS“‘ = 600° absolute 

Hence the final temperature is 600— 273 = 327°C. 
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Q. 39. Describe and explain Rowland's method of 
measuring the mechanical equivalent of heat. Discuss 
the advantages of this method over that adopted by 
Joule. {CalcuftcT, 1929) 

Ans. Rowland’s Experiment. A calorimeter containing 
water was attached by 
its lid to a vertical rod 
and suspended by a 
torsion wire (Fig. 32). 

To the rod was attached 
a disc and a horizontal 
rod which carried two 
pulleys and two weights 
whose positions could 
be adjusted. The disc 
had a groove round which 
passed a string which 
left it tangentially at 
the opposite ends of a diameter. The string passed over the 
pulleys, and two equal masses M, M were suspended from its 
ends. A rod passed through the bottom of the calorimeter, 
and to it was fixed a UoUoxo perforated spindle which carried 
four sets of perforated vanes. Similar perforated vanes were 
fi.xed to the inside of the calorimeter, and they alternated with 
the vanes of the spindle. A steam engine was used to rotate 
the spindle and its vanes very rapidly, and a chronograph 
was fixed to the bottom rod to determine the number of rotations 
of the spindle. 

When the spindle and its vanes were rotated, water was set 
in motion, but was stopped by the fi-xed vanes. Water was 
thus vigorously churned, and thereby its kinetic energy was 
converted into heat. The suspended calorimeter tended to 
rotate with the spindle, but was prevented by the couple 
applied to the disc and the couple due to any twist produced in 
the torsion wire. The masses M, M were adjusted to apply 
the necessary opposing couple. Still the wire was twisted 
• through a small angle. A very sensitive thermometer was 
suspended in the hollow perforated spindle to record the rise 
of temperature. The calorimeter was surrounded by a water 
jacket so that the radiation correction could be accurately 
determined. By a preliminary experiment the twisting couple 
for the torsion wire was found out. 
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Diameter of the disc —4 

Opposing couple due to masses JI, ]\I — Mgrf 
„ „ „ torsion wire =c 

Number of rotations —n 

^^'^ork done in one rotation = 277(Mgd + c) 

„ „ ,, n rotations = 2-n{^\gd-\- c) 

Thermal capacity of calorimeter and its contents 

Corrected rise of temperature 
Heat produced 

Mechanical equivalent of heat J 

Corrections were also applied for the true weight of masses 
M, I\I in vacuum, the e.xpansion of the disc, heat conducted to 
the shaft, and the variation of the specific heat of water with 
temperature. 

In Joule's experiment the mercury thermometer used was 
not compared with an air thermometer. He assumed the 
specific heat of water to be constant and equal to 1, and did 
not take into account its change with temperature. Moreover, 
the rate of rise of temperature was very slow — '62 C per 
hour — so that the radiation correction was large. Rowland 
standardised his thermometer by comparison with an air 
thermometer, and used the true specific heat of water at 
different temperatures. By using a steam engine, he obtained 
a very rapid rise of temperature at the rate of about 40°C per 
hour. 

Q. 40. Describe the constant flow' method of 
Callender and Barne’s for the measurement of the 
mechanical equivalent of heat. 

In an experiment, using this method, when the rate 
of flow of water was 11 grams per minute, the 
heating current 2 amperes, and the difference of 
poteritial between the ends of the heating wire 1 volt, 
the rise of the temperature of water was 2'5°C. On 
increasing the rate of flow to 25'4 grams per minute, 


= IF 
= t° 

= Wxt" 

_ 27ru(Mgcf + c) 
Wt 
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the heating current to 3 amperes and the correspond- 
ing P. D. to 1'51 volts, the rise of temperature was 
still 2'5°C. Deduce the value of mechanical equivalent 
of heat. {Punjab, 1935) 

Aus, Callendar and Barne's Experiment, Fig. 33 
shows a section of the 
apparatiis. A fine plati- 
num wire in the form of 
a coi7 is mounted along 
the axis of a narrow 
glass tube of about 2 
mm, diameter and is 
connected at each end 
to a thick copper tube. Water is made to flow in this tube 
at a constant rate, and is heated on its way when electric 
current is passed in the platinum wire. As the wire is 
in the form of a coil, water is stirred thoroughly throughout. 
Two platinum resistance thermometers are placed in the two 
copper tubes to register the temperature of water at the two 
ends of the glass tube. The resistance of these thick copper 
tubes is negligible so that no heat is produced in them by the 
electric current, and as copper is a very good conductor of 
heat, the temperature indicated by each thermometer is not 
appreciably different from that of the surrounding water. 
These thermometers are very sensitive and can measure a 
change of about 0'001°C. To minimise the radiation correction 
and keep it constant, the glass tube is surrounded by an 
evacuated tube, and this in turn is enclosed in a water jacket, 
whose temperature is kept constant. 

When a steady condition is reached, each thermometer 
indicates a constant temperature. Then the amount of water 
M flowing out in about 15 minutes is measured, the time t 
being indicated by an electric chronograph which reads to xou 
, second. The potential difference E between the ends of the 
platinum wire is measured with an accurately calibrated 
potentiometer by comparison with a standard cell. The 
potential difference between the ends of a standard resistance, 
placed in series with the platinum wire, is measured, and by 
dividing this by the resistance the strength of the electric current 
C is found. 


_ iVATCF JACKET 


Ik 


>. X Vacuum jacKet ^ 
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EC/=J:MS(^,'-^.) + H}.. (1) 

Here {6i-~ Oi) is the rise of temperature, S is the specific heat 
of water at the mean temperature, H is the loss of heat due 
to radiation etc , and J is the mechanical equivalent of heat. 
As the temperature of the glass tube is not changing, no heat 
is absorbed by it. 

To eliminate H, the experiment is repeated with a different 
strength of electric current, but the rate of flow of water 
is so adjusted that its rise of temperature is the same, and, 
therefore, H is the same. If now the corresponding values of 
E, C, f, and M become E',C',/’i and M', 

E'C't'=j;M'S(d.,-d,) + Hi (2) 

Subtracting (2) from (l), 

ECt- E’C’/’ = JS(M- M’)(t?2-- fii) 

E C/-E'C'/' 

S(M-M')(f5=-0,) 

Problem, First Experiment. Here E=lvolt., C = 2 
amperes, M= 1 1 grams, ^i) = 2'5°C, and f = 60 seconds. 
Tile specific heat of water is to be assumed to be equal to 1 . 

Heat absorbed by water= 1 1 X 2’5 calories. 

Electric energy converted into heat = 1 X 2 X 60 J oules 

lX2X60-]*nx2’5 + H} (3) 

Second Experiment. Here E= Pol volt., C = 3 amperes, 
M = 25'4 grams, (do— di)=2'5®C, and t=60 seconds. - 

Heat absorbed by water = 25*4 X 2’5 calories. 

Electric energy converted into heat ~ 1’51 X 3 X 60 Joules 
IT I X 3 X 60 = J •; 25’4 X 2'5 + H } (4) 

Subtracting (3) from (4), 

2'53X60=JXl4’4x2T 
, 2T3X60 

or I = 

14'4X2T 

= 4'2]7 Joules per calorie. 

Q. 41. Show that the efficiency of a reversible 
heat engine working between two specified tempera- 
tures is a maximum for those, temperatures, and 
deduce an -expression for the efficiency in terms of 
the temperature scale you adopt. {Punjab, 1936) 
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Fig. 34 shows Carnot’s cycle for a reversible heat 
Starting from 


A IIS. 
engine. 

A, at pressure Pj and 
volume V,, the working 
substance is allowed to 
e.vpand, and push the 
piston outward, along 
the isothermal AB, at 
absolute temperature 
T), until it reaches B, 
at pressure Pj and 
volume Yj. Work is 
done by the substance Fig. 34. 

and an equivalent amount of heat H] is absorbed by it from 
the source. 



V, 


Work done by the substance = J' PrfV= |* 

Vi 


RT,rfV 


V- 


V, 

= RTj[log V] ' 
V, 

= RT,log^^ 


( 1 ) 


Here R is the gas constant for the given mass of the working 
substance. 


From B to C the working substance e-xpands adiabaticaiiy 
from pressure Pj, volume Vj, and absolute temperature Ti to 
pressure P 3 , volume V 3 , and absolute temperature -Ta. Here 
again work is done by the substance at the cost of its heat, 
but no heat is absorbed or given out. 

Vs 

Work done 1 ) 3 ' the substance= |* PrfV 

V« 

Vj 

= PV^= constant K 

,1 Yy ■ 

V 2 
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Vs 

1 r K ~ 

“ 1 - L^rr-i. 

Vo 

^_l_r_K K - 

l-lUV''-' Va"''"’- 

1 - "/ L y^y-^ yy-^ - 

= T^ (P3Y3-P2V2) 

= RT,) 

R(Ti-To) 

'/-I 


At C it is compressed along the isothermal CD at absolute 
temperature Tj until it reaches D, at pressure P4 and volume 
P41 lying on the adiabatic AD. Here work is done on the 
substance and an equivalent amount of heat Hz is given out to 
the condenser. Arguing as before, the amount of work done 
on the substance from C to D, on the isothermal for absolute 

temperature T2, is equal to RTz log 

' 4 


On reaching D it is compressed adiabatically until it reaches 
its starting point A. Thus one cycle is completed, and the 
substance is exactly in the same state as at the beginning. The 
amount of work done an the substance from D to A is equal 
Iv{,T *“ *X } 

to — converted into heat, though no heat is 


added to or removed from the substance. Work done by the 
substance from B to C is equal to the work done on it from D to 
A, and, therefore, their resultant is zero. 


Thus in one cycle amount of heat Hi is absorbed at Ti and 
I'D is given out at Tj, and the balance of heat (H] — Hj) is 
converted into an equivalent amount of work. This engine is 
reversible, and when it is worked backward, its cj’cle is anti- 
clockwise ; it absorbs heat Hj at the temperature of the 
condenser and gives out greater amount of heat Hj to the 
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source at higher temperature. In this case work is done on the 
substance. 

The efficiency of the engine is equal to the 'ratio of the 
amount of heat converted into work to the total amount of 
heat absorbed. 


Efficiency = — - -^1 ■“ fj 

H 1 JT 1 


KTa log 


V, 


Tj log 


= 1 - 


V, 

RT, log ^ 
' 1 


1 - 


T] log 


V4 

Y? 


(3) 


For isothermal AB, 
For adiabatic BC, 
For isothermal CD, 
For adiabatic DA, 


Pi\\ = P,V, 
PzVi^=PA's'' 


F3V3-P4V, 

P4V.^ = PiVi7 

Multiplying the corresponding sides of these four equations we 
get 

FjVi X X P3V3 X P4\V= PsV, X PsVj^ X P4V4 X PiVi'i' 


or 

or 

or 

or 


ViV2'>'V3\V = V.4V3'>'\^ViT' 

VjV-1v47-i=:V3'>’-'Vi'^-' 

V2V4=V3Vi 

V4 Vi 


(+) 


Putting this in (3), 


Ta log 


Efficiency = 1 — 


V4 




Ti log 
Ts 


Vi 


T, 

.... (5) 

T. 

The efficiency of z perfectly reversible heat engine is the 
greatest, and is independent of the nature of the w'orking 
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substance, depending only on the tcniperatures of the source 
and the condenser. If possible let another engine (J have 
greater efficiency E' than the efficiency E of a perfectly 
reversible Carnot's engine P. P takes heat Hi from the source 
at Ti"”, and gives out IP to the condenser at T/, converting 
(H 1 -H 2 ) into work. Let O absorb Hj' at '1'° and give out 
fL' at 1^° so that the same amount of work is done by it as 
by 1\ 

H,- 

Let <J ^\orlv P hackieard through one cycle. Due to the 
work done by Q on P, P absorbs 1-L from the condenser at 
Tz and gives out Hi to the source at T,. The work done by 
Q is equal to the work done on I^, and, therefore, the work 
done in a cycle on, or by, the two engines talcen together is zero. 

■ H, ■ h7“ 

As A T>;1- .or ami 11, > H,’ 

Hi Hi 

Heat absorbed from condenser at T 2 ‘'=H 2 ~H 2 ', 

Heat given to source at T)°= Hj— Hj' = H 2 “ H-i’. 

Thus an amount of heat (M 2 — H 2 ') is absorbed from the 
condenser at T 2 ‘^ and given to the source at a /n'g/icr tempera- 
ture Ti'^ by the two engines working together loithoirf ilie 
expenditure of external energy. This is denied by the second 
law of thermodynamics. Therefore Q cannot be more 
efficient than P. Similarly, it may be shown that working 
between the same two temperatures no other engine has a 
greater efficiency than a perfectly reversible engine. Hence 
the efficiency of a perfectly reversible heat engine is the greatest 
for the given temperatures of the source and the condenser. 

Q. 42. Explain Lord Kelvin’s absolute scale of 
temperature, and show that its indications agree with 
those of the perfect gas. (Bombay, 1927) 

A us. The efficiency of a perfectly reversible heat engine is 
independent of the nature of the working substance, and is 
determined by the temperatures of the source and the con- 
denser only. The lower the temperature of the condenser 
below the given temperature of the source, the greater is the 
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efficiency of the engine, and the greater is the amount of heat 
energy converted into work, for the two given adiabatics. 
If the engine absorbs heat Hj at absolute temperature T," 
(perfect gas scale) and gives out Ho at To°, its 


or 


Efficiency = 


Hi-H 
" H,' 


T,-To 

'A 



[See Q. 41 for proof. 


Ho^T, 

h7 T, 

To 

l-H = Hi-- 


This shows that the amount of heat IL. given to the 
condenser, and not converted into work, is proportional to the 
absolute temperature of the condenser. As the thermal 
energy of a body is due to the motion of its molecules, and as 
at the absolute zero of temperature its molecules have no 
Diotion, it has no heat energy. If the condenser is at the 
absolute zero of temperature, no heat is given to it ; the whole 
of the heat absorbed from the source is converted into work, 
and the efficiency of the engine is equal to 1. As the working 
substance is left with no heat, no lower temperature is possible. 

Lord Kelvin has proposed a new' absolute scale of tempera- 
ture where tetiipcratiirc is nicctsurcd in terms of energy, 
which is independent of any peculiar property of a particular 
thermometric substance. It is also called thermodynamic scale, 
and according to it in a perfectly reversible heal engine, when 
working betw’een two given adiabatics, the amount of heat 
converted into work is propor- 
tional to the difference between 
the temperatures (on this new’ 
scale) of the source and the 
condenser. In Fig. 35 the two p 
given adiabatics are AH and BG. 

One engine absorbs heat Hj at 
temperature 0i (thermodynamic 
scale) and gives out Hj at 0-., 
converting (Hi— FT) into w’ork, 
which is represented by the area 



Fig. 35. 
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ABCD behveen the two adiabatics and the two isothermals. 
A second engine takes H 2 at 6^2 and gives out H 3 at 6$, and 
converts (H 2 — Hg) into work, represented by DCEF. A third 
engine takes H 3 at 0^ and gives out at and converts 
(H 3 — H 4 ) into work, represented by PEGH. IfHi— H 2 = 
H 2 -H 5 =Hg-'H 4 , then Oi- 02 == 0^- 0^- 0^, and ABCD 
= DCEF=FEGH. 


The absolute zero of this scale is that temperature of the 
condenser at which no heat is given to it by the engine, and 
the whole of the heat absorbed from the source is converted 
into work. Thus the absolute zero of this scale is the savie 
as the absolute zero of the perfect gas scale. 


\Yhen an engine absorbs H] at 0i and gives out H 2 at 0^, 
Hj H 2 0i~~ 02 

If Oi— 0, H 2 is also equal to zero, and 

Hi 

Dividing the corresponding sides. 

Efficiency = -- \~ 

01 


or 


Hi 

_ Ti-T2 

T, 

01- O 2 ^ Ti-T2 
01 T, 

01 Ti 


[on perfect gas scale. 


This shows that the ratio of any two temperatures is the 
same on the two scales. The interval between the boiling 
point and the freezing point of water under normal pressure 
is equal to 100°C on the perfect gas scale, and it is also made 
100°C on the thermodynamic scale. If 0, and Tj, and 02 
and T 2 represent these temperatuTes, fii- 02 = 100 =Ti-T 2 , 
and putting this in the above equation, 

1Q0 _10Q 

01 Ti 
0Z=T2 


or 

and 
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Thus the inclicatioiis of the tliermodj'uamic scale agree with 
those of the perfect gas thermometer, that is, the two scales are 
identical. 


No thermometer has been constructed which depends on 
Carnot’s reversible engine. As no actual gas is perfect, there 
is some difference between the gas scale and the thermo- 
dynamic scale. 'J his difference is very small, and is determined 
b}' the Porous Plug e.xperiment. Thus the thermodynamic 
scale ol temperature can be realised. 

Q. 43. Discuss theoretically the production of cold 
by expansion of gases through porous plugs. How 
has this principle been applied in machines for lique- 
fying air ? {Allahabad, 1931) 


Ans. If the molecules of a gas attract each other, work is 
done in separating the molecules when the gas e.vpands ; the 
potential energy of the molecules increases at the cost of 
their kinetic energy (heat), and cooling is produced, even when 
no external work is done by the gas. In the absence of the 
cohesive forces, no work is done in separating the molecules, 
and there is no change of temperature. If the molecules 
repel each other, their potential energy decreases and kinetic 
energy increases when the gas expands, and, therefore, heating 
is produced. 


In the middle of a long cylindrical tube, of non-conducting 
walls and cross-section area a, is placed a plate B with an 
aperture (Fig. 36). Pistons D and E move in this tube without 
any friction, and a gas is 


maintained at pressure 
Pi and P 2 in the cham- 
bers k and C respectively. 
Pi is greater than P 2 , and 
as the gas passes through 
the aperture from A to C, 



. 1 n 



Pj I Pi 



D " A B C E 
Fig. 36. 

piston D is pushed forward to keep the pressure in A cons- 
tant. Similarly, piston E is pushed forward and pressure in 
C kept unchanged. 


Force exerted on piston D is F^a, and when the piston is 
moved forward through a distance li, work done on the gas 
is equal to Piali, or PAq, where Vi is equal to ali and is the 
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volume of the mass of the gas at pressure Pj that has passed 
through the aperture. At the same time piston E moves 
forward by fz, and as the force exerted on it by the gas is 
PafT, work done by the gas is equal to P2U/2, or P2V2, where 
Vz is equal to al, and is the volume of the mass of the gas at 
pressure Ft that has passed through the aperture from A to C 
and had volume Vj at pressure P^ Work done on the gas, in 
forcing it through the aperture, is converted into heat, and the 
temperature of the gas should be raised. In chamber C, 
work is done by the gas, in expanding and pushing forward 
piston P2, at the cost of its thermal energy, and the tempera- 
ture of the gas should be lowered. Three cases arise according 
to the variation of the r olume of the gas with pressure. 

1 . If the gas obeys Boyle’s law, Pj Vj= P2V2. wor/r done on 
ibi: gas is equal to the xeork done by the gas, and there is no 
change in the total energy of a given mass of the gas in expand- 
ing from volume Vj to volume V... Then, if no work is done 
in overcoming cohesive forces during e.xpansion, the tempera- 
ture of the gas on the two sides of the aperture and at sufficient 
distance from it is the same. In escaping through the aper- 
ture, the gas forms eddies and some of its heat is converted 
into kinetic energy of mass motion. These eddies subside after 
a short distance, and their kinetic energy is reconverted into 
heat. The temperature should, therefore, be measured at 
points where no eddies are present. 

If cohesive forces are present, work is done in expanding 
the gas, and, therefore, the temperature of the gas in C is 
lowered. But there is rise of temperature in chamber C if 
the molecules of the gas repel each other, because when the 
gas expands, the potential energy of its molecules is decreased 
and their kinetic energy is increased. 

2 . If the gas does not obey Boyle's law and the product 
of pressure and volume of a given mass, at constant tempe- 
rature, decreases with increase in pressure, PaVj is greater 
than P]Vj ; more work is done by the gas than is done on it, 
the total energy of the gas decreases, and cooling is produced 
in chamber C. Presence of cohesive forces increases this 
cooling effect, but the repulsive forces between the molecules 
decrease it. 
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3. If the gas does not obey Boyle’s law and the product of 
pressure and volume increases with pressure, PiV] is greater 
than F-.V-j ; work done on fJie ^as is grcnfer than icork done 
by it, the total energy of the gas increases, and heating is 
produced in C. Cohesive forces decrease and repulsive forces 
increase this heating effect. 

A porous plug consists of a verj' large number of long line 
apertures placed in parallel, and the above treatment applies 
to it. If P.j is equal to the atmospheric pressure, piston E may 
be removed and chamber C exposed to the atmosphere. 

For second part see Q. 46 for Linde’s method. 

Q. 44, Describe the porous plug experiment. In 
what way have the results of the experiment been 
utilized ? [Punjab, 1929) 

A ns. Porous Plug Experiment. Joule and Thomson 
compressed the dry gas and passed it through a spiral placed 
in a water bath, whose temperature was Kept constant. .•Vfter 
it acquired the temperature of the bath, it was passed through 
Ur porous plug, and then it escaped into 
the atmosphere. The porous plug con- 
sisted of cotton-wool held between two 
perforated plates A and B (Fig. 37) in a 
non-conducting wooden tube. The tube 
was surrounded by a thick layer of 
asbestos, which in turn was surrounded 
by a water bath to prevent any gain or 
loss of heat. The cotton-wool plug 
provided a very large number of long 
line orifices in parallel ; it minimised 
the production of eddies, and decreased 
the velocity of the gas. 

The gas was passed continuously 
through the porous plug at a constant pressure P 2 On entering 
and the atmospheric pressure Pj on leaving the plug. When a 
steady condition was reached after about one hour, the 
temperature of the gas just before entering the plug and after 
leaving it was measured with two platinum resistance thermo- 
meters. The experiment was repeated with different gases, at 
different temperatures, and with different values of the initial 
pressure P... They observed cooling in all gases e.xcept 
hydrogen, where a slight heating was obtained. 








ili:?, 

ttoM 

A 


Fig. 37. 
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Thebe experiments have led to the following results : — 

1. At a sufficiently low temperature all gases suITer cooling. 

2. The fall in temperature is proportional to the decrease 
of pressure (P..— P))- 

3. The fall in temperature, for a given drop of pressure, 
decreases as the initial temperature is increased. It becomes 
zero at a certain temperature, known as temperature of inver- 
sion of Joule-Thomson effect, and above that heating effect is 
produced. The temperature of inversion is different for different 
gases, and depends on the initial pressure P^. For hydrogen 
at 100 atmospheres pressure it is — 80°C, and working below 
this temperature, cooling effect has been obtained in the case 
of this gas also. 

For the discussion of the effect see Q. 43, 

Gases are liquefied by the combined action of high pressure 
and low temperature, which must be below the critical tempera- 
ture. In the case of the permanent gases, as their critical, 
temperatures are \'ery low, they have to be cooled below 
their respeclire critical temperatures by evaporating some 
suitable liquid under reduced pressure, but this is not possible 
in the case of hydrogen and helium. 

The temperature of inversion of a gas for Joule-Thomson 
effect is innch higher than its critical temperature. The gas is 
compressed and cooled below this temperature and then is 
allowed to expand suddenly through a porous plug, where its 
temperature is lowered. Then the cooled gas is passed through 
a tube surrounding the inner tube through which the com- 
pressed gas is passing. Thus the temperature of the compressed 
gas is further lowered, and on suddenly e.xpanding it is cooled 
to a still low'er temperature. In this way the temperature of 
the gas issuing from the porous plug becomes lower and lower, 
and after it has become lower than its critical temperature, 
liquefaction begins. 

For further details- see Q. 45. 

Q. 45. Describe in detail the process of liquefaction 
of (u) carbon dioxide, (6) oxygen, (c) hydrogen. Why 
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are different methods necessary for liquefying these 
gases ? {Bombay, 1934) 

Alls. Gases are liquefied by the combined action of low 
temperature and high pressure, but unless a gas is bcloxo its 
critical temperature, it can not be liquefied, however great 
the pressure may be. Temperature is usually lowered by 
using a suitable freezing mixture or evaporating a suitable 
liquid under reduced pressure. The critical temperatures of 
different gases are different, and when they are widely differ- 
ent, the same method cannot be used for bringing them below 
their critical temperatures. This is the case with carbon 
dioxide, ox 3 'gen, and hydrogen, whose critical temperatures 
are 31°C, — 119°C, and — 240^C respectively. 

Carbon dioxide. The critical temperature of this gas is 
31°C, and below that temperature it is liquefied by pressure 
not exceeding 76 atmospheres. A strong copper cylinder 
contains some sodium bicarbonate, and in it is held vertically 
a copper tube containing sulphuric acid. The cylinder is 
closed at the top and is connected with another empty cj’linder 
through a stopcock, which is ordinarily closed. 

On tilting the first cylinder, sulphuric acid comes in contact 
with sodium bicarbonate and carbon dioxide is produced. 


As the cylinder is closed, the high pressure produced is 
sufficient to liquefy the gas at ordinary room temperatures 
(below 31°C). When the stopcock is opened, liquid carbon 
dioxide distils over to the second cylinder, which is cooled by 
ice or a freezing mixture. If the temperature is not below 
dHC, or it rises above tliat during the production of the gas, 
it is lowered below that temperature by cold or ice cold water. 


Oxygen. In jacket Ji (Fig. 38) 
cold water circulates, and it surrounds 
a tube which is connected, through 
pump Pj on one side, with 
jacket Jj, which contains liquid 
methyl chloride. The central tube 
of this jacket in turn is connected, 
■through pump Pj, with - jacket, 
J,., which contains liquid ethjdene 
and surrounds a tube through which 
oxygen gas under pressure is passed. 

When the piston of pump Pj .is 



moved outward, pressure under it 


Fig. 3B. 
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is reduced ; its lower valve opens, and methyl chloride 
evaporates absorbing heat from its central tube and its contents. 
On moving the piston of Pj inward, the lower valve is closed 
and the upper valve opens and methyl chloride vapour, under 
great pressure, is passed to the central tube of Jj. As its critical 
temperature is 143^C, the vapour is easily liquefied here and 
passes to J., and the heat set free is carried by the current of 
cold water. Tne normal boiling point of methyl chloride is 
— 24°C, but on continually evaporating under reduced pressure 
a loiver temperature of about — 90^C is attained in j 2 . 

On moving the piston of Pj outward, pressure under it is 
reduced, and its lower valve is opened. Liquid ethylene, 
whose normal boiling point is — 104°C, evaporates briskly under 
lower pressure in ],, and e.vtracting heat from the corresponding 
central tube, lowers its temperature to about — IbO^C after 
some time. With the inward stroke of the piston, the lower 
valve closes and the upper valve opens, and compressed ethy- 
lene vapour is delivered to the central tube of jacket J 2 , where 
it is liquefied, as its critical temperature is 9'5°C. 

By beating potassium chlorate in a steel flask F o.vygen is 
produced, and as the tube is closed by valve S, a very high 
pressure is attained. Under the combined action of high 
pressure and low temperature of about — 160°C, produced in 
J. 1 , oxt'gen is liquefied as its critical temperature is —1 19*^0. 
On opening the valve, liquid oxygen is withdrawn from the 
central tube of Ja and is collected in a Dewar vacuum flaslr. 

-Hydrogen. The normal boiling.point of o.x 3 ’gen is — 183°C, 
and by evaporating it under reduced pressure the loioest temper- 
ature that can be produced is —218^0, which is mtich higher 
than — 240°C, the critical temperature of hydrogen. Therefore the 
last method cannot be emplo 3 ’ed for the liquefaction of hydrogen. 

. At ordinary temperatures when compressed hydrogen is 
allowed to expand suddenly through a porous plug, a slight 
heating effect is .produced. This heating effect decreases as 
the temperature of the compressed gas is lowered, and cooling 
effect is obtained below 80 C, with suitable initial pressure. 
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Hydrogen gas enters tube DE (Fig. 39) through a side 
tube T. When the piston of pump P 
f is drawn outward, pressure below it is 
educed, the right valve opens, and 
hydrogen enters through it. On the 
inward stroke of the piston, the right 
valve closes and the left valve opens, 
and compressed gas, under /ifg/; pressure, 
is passed on to the tube FAB. Tube 
AB is surrounded by jacket J, in which 
liquid air is evaporated to lower the 
temperature of hydrogen much below 

— 80°C. It then passes through BC and 
on suddenly expanding through a valve 
Y, its temperature is further lowered. 

The gas, thus cooled, then passes upward through a tube 
surrounding BC, and lowers the temperature of the gas going 
downward through BC, which, therefore, is cooled to a still 
loxver temperature on suddenly expanding through Y . This 
in turn passes upward through the outer tube, and cools the 
gas in BC. The gas from the outer tube passes to the pump 
through DE. It is compressed there, cooled in AB, and then 
passed downward through BC, where it is further cooled by 
the upward going gas in the outer tube. Thus the temperature 
of the gas suddenly expanding through V becomes lower and 
lower and after it becomes lower than its critical temperature 

— 240°C, liquefaction begins. Liquid hydrogen is then collected 
in a Dewar vacuum flask. 

Q. 46. Describe Linde’s method for liquefying 
gases and discuss the principle on which it is based. 

[Punjab, 1935) 

Atis. Linde’s Method. See. Q. 45 for liquefaction of . 
hydrogen. All gases cool when the}' are allowed to expand 
suddenly through an orifice provided they have already been 
cooled beloxo their temperatures of 'inversion for Joule- 
Thomson effect. For each gas a different liquid is used in 
jacket J (Fig. 39) to cool the compressed gas below its 
temperature of inversion, which depends on' its nature and 
pressure; 

For discussion of the principle, see Q. 43. 
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Q. 47. Give an account of Forbe’s method for 
determining the thermal conductivity of a metal. 
What is a steady state ? [Punjab, IV37) 

Forbe’s Method. A long bar of the metal, whose 
thermal contluctivity is to Ire determined, is held in a hori- 
zontal position ami is heated by immersing its one end in some 
molten metal, whose temperature is kept con^.lanf (Fig. 40). 

I The rod ic passed through a 

^ j — p— 1 non-conducting screen so 

that it may not recei\c heat 
directly from the crucible 
containing the molten metal. 
.\ number of holes arc 
drilled along the rod, and 
thermometers are held in mercury or some fusible metal in 
these holes to indicate the temperature. .\t first temperature 
rises everywhere. .After several hours a steady state is 
obtained when the temperature of different points ceases 
to increase and remains constant thereafter. J'or this reason, 
this is called statical e.vperiment. When steady condition 
is reached, the temperature at different points along the rod is 
found, and a curve is drawn between (>, the c.vcl’.9.s of tempera- 
ture at a point above that of the atmos|)here, and .v the 
distance of the point from the heated end The steepness of 
this curve changes and decreases as the distance from the 
hot end increases. 


X X 
■^1 .^2 


I'lL. -lO. 


From this curve the value of temperature gradient — is 

dx 

found at different points along the rod. If K is the thermal 
conductivity of the rod and A is its cro.ss-section area, the 
amount of heat that passes through any section in a unit time 
, , de , dt) . 

IS equal to KA > where ~ is the temperature gradient 
at that point. 


Rate of flow of heat at .Yi = KA X at Vi 

\dx 

f> >7 f> if ti ^-2 — Is-A X I ,T-> 
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dO 

As — decreases with distance from the hot end, the rate of 
dx 

flow of heat from left to right at a'i is greater than that at .Vo, 
and the difference between them is radiated from the exposed 
surface of the rod between these two sections. 


Rate of loss of heat from this surface 


^ KA( 


dt) 


\dx 


at .r. 


do 

■ — at Xi 
dx 


.( 1 ) 


Then a rod of the same material and cross-section, but of 
sinaller length, is heated uniformly above the highest tempera- 
ture attained in the above static experiment. It is then 
allowed to cool under the same condition of the surrounding 
enclosure as in the first experiment, and its temperature is 
observed at different intervals. A curve is drawn between the 
e.vccss of temperature 0 above that of the surroundings and 


time t, and from it the value 


of ^ is found 
lit 


at different 


temperatures. This is called dynamical experiment, as the 
temperature of the rod changes and does not remain constant. 

Let M be the mass of tlie rod, S its specific heat, a its 

surface area (including the ends), and 7 - be the rate of fall 

dt 

of temperature when the temperature of the rod is 0 above 
that of the surroundings. 

Rate of radiation of heat at (i=MS.^ 

dt 


from unit area = 


MS 


dt 


If P is the perimeter of the rod, its surface area for length 
dx is Vdx, and the rate of radiation ot heat from it is 

equal to ^ . P. dx. Then a third curve is drawn 

a dt 

between the distance .r from the hot end in the first experi- 
ment and the rate of fall of temperature ^ at the correspond- 

dt 

ing temperatures as found from the second experiment. The 
area between this curve, .r-axis, and the ordinates at Xi and x^ 
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.V-J 

1 * 7 // 

“ (ix, anti may be fount! I^y inlcuralion 
d t 

•Vl 


a planimeter. 

Kate of radiation of heal from tlie surface 


or u'itli 


between .v, and .v..- 


MSP \'d0 


It .) lit 

•Vi 

L'quatinR (l) and ili), we get 


dx 


./do do ^ \^MSP 


MSP I'c^ 
dt 


dx 


-'1 


(2) 


■V. 



In this way the value of I'C is found for di/ferent values 
and ,r.j, and then its mean value is calculated. 


of 



-:Q. 48. Give an account of Lees’ method for firfding ' 
the conductivity of a solid. For what kind of conducv 
tors is it especially useful ? 

Point out summarily the difficulties that arise in the 
way of determining the conductivity of fluids, and 
how they can be overcome. {Bombay, 1934) 


Ans. Lees’ Method. This method is particularly useful 
for determining the thermal conductivity of poor conductors. 

If a bad conductor is used in the form of a bar, with a reason- 
able difference of temperature between its ends, it is very 
difficult to measure accurately the small rate of flow of heat , 
through it. Moreover, the rate of loss of heat from its surface ' 
is considerable. It is not practicable to make the dilference of 
teniperature too much, but the rate of flow' of heat, for a given 
difference of temperature, can be increased by increasing 
the face area and decreasing the distance betw’een the faces, 
that is, by using a thin disc of large radius. 
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Two thin discs of the material (shaded), of about 4 cm. 
diameter and about 2 mm. thickness, 
are fastened with four copper discs, 

A, A', B, B’, of the same diameter as 
shown (Fig. +1) and are suspended in 
a vessel whose temperature is kept 
constant by a water jacket. The 
central copper discs. A, A', are fi.ved 
on the opposite faces of a flat coil of 
insulated wire through which electric 
current is passed. To ensure good 



ensure 

thermal contact, the inter faces of the discs are 
thin layer of glycerine. 


Fig. 41. 

covered with a 


When a steady condition is reached, the temperature of the 
four faces of the shaded discs are measured with thermo- 
couples. In this steady condition, heat is radiated from the 
faces of the discs as fast as it is produced. As the edges of 
the discs are very thin, very little of heat is lost from them 
and almost the whole of it is lost from their faces, 

If the current passing through the coil is C amperes and the 
potential diflerence between its ends is V volts, the amount of 
electrical energy used per second is CV joules, and the 

CV 

amount of heat produced per second is calories. 


Thermal conductivity= K 
Face area of each disc=S sq. cm. 
Thickness of the right disc = c/a cm. 
Thickness of the left disc = f/] cm. 
Temperature difference for „ ,, ={0°-'$°)C 

,, „ „ right disc= ( 03 °-- 04 °)C 


K.S{^i ^0 

Heat flowing per sec. through the left disc= ;; ^calories. 

KS(03-04) . . 

„ „ „ „ „ „ right „= calories. 
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or 


K = 


CV 


4-19S 


({Ox-0.^ . Oj-lU ' 
I </, cl, > 


For accurate work, a correction nuist be applied for the heat 
lost from the edges of the discs. 


Liquids are usually poor conductors, and when they are 
heated convection currents are set up. To stop the convection 
currents, a liquid is heated from etbove, or a thin lilm of the 
liquid IS used. Tlie containing vessel should be made of a non- 
conducting material. 


In the case of gases, not only convection currents are set 
up, but heat is also lost by radiation. .\ small hot body is 
placed at the centre ot a spherical llask, containing the gas, 
and its rate of cooling is found The coin'ection currents are 
minimised by using the gas at a loxc pressure, and the rate of 
loss of heat by radiation is found by e\acuatiag the Hash and 
noting the rate of cooling once more. The difference of the 
two gives the rate at which heat is lost by conduction. 


Q. 49. State and explain the laws relating to the 
amount of radiation and the temperature of the 
radiating body. What do you understand by (1) a 
perfectly black body, ( 2 ) coefficient of absorption, and 
(3) coefficient of emission ? 

In ail experiment the mass of water together with 
the water equivalent of the calorimeter was 63 gms. 
and the surface area of the calorimeter forming the 
radiating surface was 100 sq. cms. The rate of cooling 
was 0'025 and the excess of temperature of the 
calorimeter and its contents over the surroundings 
v/as 50°C. Find the coefficient of emission ? 

{Bombay, 1926) 

Alts. Laws of Cooling. 1. According to the Stefan’s 
law, the amount of heat energy radiated from a given surface 
in a unit time is proportional to the fourth power of its 
absolute temperature 6i, or equal to K0i'', where K is a constant 
depending on the nature and area of the surface. If the absolute 
temperature of the walls of the enclosure, in which the body is 
placed, is 62 °, the rate of radiation of heat from them is proportional 
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to 0 - 1 , and the rate of absorption of heat by the body is equal 
to K0o‘’, where K is the same constant as in the expression for 
the rate of radiation by the body, because the absorptive power 
of a body is equal to its emissive power. Combining the rate 
of radiation and the rate of absorption of heat of the body, its 
rate of cooling is equal to - 0-.'’). A's Pi approaches P., 
the rate of cooling decreases. 


2. Newton’s Law. The above expression for the rate 
of cooling of a body may be put in the form, 

Kfp/ - P/) = K(0;’+ - PC) 

= K(PiH P./)(P, + P.,)(P, - P,) 

If the temperature of the body is higher than that of the 
enclosure by a feiv degrees, (Pj^+P/) and (Pi + Pa) remain 
nearly constant during cooling, and the rate of cooling of the 
body is proportional to (Pi— Pe), its excess of temperature above 
that of the surroundings This is Newton’s law of cooling, 
and is applicable if the excess of temperature is no more than, 
say, 25°C. The smaller tlie excess of temperature, the more 
accurately it gives the rate of cooling. 

3. Dulong and Petit’s Law. They performed many 
experiments on the rate of cooling of different bodies, at 
different temperatures, and found that it can be expressed by 

where n is a constant, K depends on the nature 
and area of the radiating surface, and Pi and P^are theabsolute 
temperatures of the radiating body and the enclosure respective- 
ly. This expression is applicable when the difference of 
temperature is small. It is nearly true for cases where the 
? excess of temperature is considerable and cooling takes place 
f in vacuum. 

Perfectly Black Body. A body which absorbs all the 
radiation of any wave-length which falls on it is called a 
perfectly black body, because it neither reflects nor transmits 
any light and appears black, whatever the incident radiation. 
Conversely,’ when it is heated, it gives out radiation of all 
wave-lengths. The radiation given out is independent of the 
nature of the body and depends on its temperature only.’ 

When radiation is incident on a body, a part of it is absorbed 
and the rest is reflected or transmitted. The amount of radiation 
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absorbed by the body depends on its nature and temperature 
and the wave-length of the incident radiation. Tlie ratio of 
the radiation absorbed to the amount of radiation incident in 
the same time is called its co-efficient of absorption. The 
absorptive power of a perfectly black body is ecjiial to one, but 
for other bodies it is less than one. 

The amount of radiation given out by a unit area of a body 
in a unit time depends on its nature and temperature and the 
wave-length of the radiation. Good absorbers are good radia- 
tors. Under given conditions the amount of energy radiated by a 
perfectly black surface is the arcaiest. The co-efficient of 
emission of a body is equal to the ratio of the amount of energy 
radiated from its unit area to the amount of radiation given out 
from a unit area of a perfectly black surface under the same 
conditions (time, temperature, and wave-length). It is also 
defined as equal to the amount of energy radiated by a unit 
area of the surface in a unit time per degree e.vcess of its 
temperature over that of the enclosure or surroundings. 

Problem ; 

Water equivalent of calorimeter and its contents 

= 63 gms. 

= 100 sq. cms. 

= 50'’C. 

= -025°C 

= 63 X ’025 calories. 
_ 63X-Q25 
'100X50 
= '000315 calories 

per sec. per sq. cm. 

Q. 50. Explain Prevost's theory of exchanges, and 
show that the emissive power of a body is equal to its 
absorptive power. 

Describe some instrument by which radiant heat 
can be measured. {Punjab, 1933] 

Ans. Prevost’s Theory. Ail bodies radiate heat at all 
temperatures. The rate of radiation from a given body depends 


Surface area of calorimeter 
Excess of temperature 
Fall of temperature per second 
Heat lost per second 

Co-efficient of emission 
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only on the nature and temperature of its surface, and is inde- 
pendent of the surrounding bodies. Similarly, the radiations 
emitted by the surrounding bodies depend only on the nature 
and temperature of their respective surfaces. Thus all bodies 
radiate heat and absorb a part of the heat that comes to them 
from the surrounding bodies. The temperature of a body rises 
or falls according as it absorbs more or less heat than it emits 
in the smne time. When its rate of absorption is equal to its 
rate of emission of heat, its temperature remains constant, that 
is, its equilibrium of temperature is dynamic and not static. 

Emissive and Absorptive Powers. If e. be the emissive 

power of a body at temperature T°, the amount of energy 
radiated by a unit area of it in a unit time at that temperature 
and lying between wave-lengths A and X + dX is equal to CydX, 

The absorptive power a. of a body at temperature T“ and for 

wave-length A is defined as equal to the fraction of the incident 
radiation, lying between A and X+dX, which it absorbs at that 
temperature. Let a unit area of the body receive in a unit 
time amount of radiation dQ lying between A and A + rfA. 

Amount of radiation absorbed =a,. r/Q 

/V 

„ ,, ,, emitted —e.,dX 

As the body is in equilibrium, the amount of radiation absorb- 
ed by a unit area of it in a unit time is equal to the amount of 
radiation emitted by its unit area in the same time, 

CydX =aydQ (l) 

A perfectly black body absorbs the whole of the radiation 
that fall on it. •'irherefore its absorptive power is equal to one. . 
If its emissive;, 'power for the above temperature and range of 
wave length. 'be denoted by E^, 

E^. rfA=l.d Q 


( 2 ). 
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or 


rr, A 


This shows that the ratio of the emissive power of a body 
to its absorptive power for any temperature and range of wave- 
length is constant and is equal to the emissive power of a 
perfectly black body for the same temperature and the wave- 
length of radiation. Its emissive power is equal to its absorp- 
tive power if its emissive power is defined as the ratio of the 
energy radiated by it to that emitted by a perfectly black body, 
for the same time, area, temperature, and wave-length, that is, 

its emissive power is equal to 


Pyroheliometer. Two thin blackened strips of platinum, 
2 X "15 X ’002 cm, are attached to the two junctions of a very 
sensitive thermo-couple. When both the strips are protected 
from radiation, their temperature is the same, and a galvano- 
meter connected to the thermo-couple indicates no thermo-elec- 
tric current. Then one strip is exposed to the radiation to be 
measured, while the other is protected from it. The tempera- 
ture of the exposed strip rises, and thermo-electric is -indicated 
by the galvanometer. Electric current is passed through the 
protected strip to heat it, and its strength is adjusted so that no 
thermo-electric current is produced in the thermo-couple, rvhich 
shows that the temperature of the two strips has gain become 
the same. Evidently, for this condition, the rate of production 
of heat in the protected strip by the electric current must be 
equal to the rate of absorption of heat by the exposed strip. 

If the electric current in the protected strip is C ampere, and 

volt is the fall of potential between its ends, CV joules of 

CA’ 

electric energy is converted into heat in one second ; or — 

calories of heat is produced in it in one second, where ] is the 
mechanical equivalent of heat in joules per calorie. This is also 
the rate of absorption of radiant beat by the exposed strip. The 
experiment is repeated with the second strip exposed to radiant 
heat and the first strip protected from radiation and heated by 
electric current. 
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Q. 51. Derive a formula expressing the relation 
between 1^, U, V and R in the case of a refraction at a 
single spherical surface separating two transparent 

media. Using this result, show that (|a - 4') 

f \Bi Ro/ 

for a convex lens. What approximations have you 
made, and what limitations do they impose upon the 
use of this formula ? {Punjab, 1937) 


Ans. In Fig. 42, APA' is a section of a concave spherical 
surface, whose centre 
of curvature is at C 
and pole at P so that 
CP is its principal 
axis. It separates a 
medium of refractive 
index n« on the left 
from a medium of 
refractive index //i 
on the right. From 
an object O on the principal axis a ray along OP strikes the 
surface normally and suffers no change in its path. Another 
ray OA makes angle i with the normal CAB at A, and if /io is 
greater than ni, it is turned towards the normal and proceeds 
along .AD so that the angle of refraction r is smaller than the 
angle of incidence. To an observer on the left of P, these two 
refracted ra 3 's appear to come from their point of intersection I 
when produced backward. Therefore I is the virtual image of O. 



Let «, /S, and 6 be the angles made by OA, I A, and CA 
respectively with the principal axis, and AE be perpendicular 
to PO. It is assumed that the radius of curvature R of the 
surface is x'cry large as compared with its aperture so that 
angles a, /3 and flare very small and their sines are practically 
equal to their values in radians, and A is very close to P so 
that distances of O and ! from A are practically equal to their 
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distances from the pole P. The second assumption is that the 
incident ra 5 'S meet the refracting surface very near P, so that 
i and r are very stiiall, 

El = sin i i 

//] sin r r 

or //] 7 = //a ;• . . . . (1} 

Put i—(>~ u, and r~li~fi 

/<! i0—O-) = ii« (d—P) 
or i/i>~ iti)0= i>S~ I'l <' 

Replacing these angles b 3 ’ their sines, we get 
( /^2~7ti) AE_ /ii. AE 

R AI AO 


or 


(/<7~ ;'i) _ _ JM_ 

R PI PO 

= /'2_/U 

V u’ 


. ( 2 ) 


where V and IT are respectively the distances of the image and 
object from the pole, and in this case both are positive. 


When the surface is 
convex, its centre of 
curvature C lies on 
the other side of Pi 
and the radius of cur- 
vature is negative. 
Proceeding as before 
we get the position of 
I. In Fig, 43 (a), O is 
very close to P, the 
image is virtual, and 
U and V are both 
positive. When PO 
is large (Fig. 43, h), 
Fig. 43. the refracted ray AI 

actually intersects the first ray along the principal axis at I, 
and to an observer on the left of I these rays diverge from I. 
Therefore I is the real image of O, and V is negative. 

. In Fig. 43 (a), 7 = (0-i-a), and r = (0 + B) 
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Putting these values in (1). 

+ ft) — + B) 

or iit2~ ih) 0— — HiP [lid 

Replacing these angles by their sines and putting AI = PI=^V 
and AO = PO=U, we get 

{i>‘2 III) AE Hi. AE . Hi, AH 

A C = - R A I = PI = V A^ PO = U 


or 

In Fig. 43 [b], 
before, 

or 

or 

or 


(/'■!~/t|) _ /t] 

R V 11 
/=(/l + ft), and — 


. (3) 


Proceeding as 


Hi {()'{'(>■) — H2{l)~ 
ini~ Ht)^~ l>2^ 

(h-2~ h\)AH /<•> . A E 

AC=-R AI = Pl‘^'-V 


I //-i.AE 
AO = PO = U 


ili-2~ III) ^ l>2 

R V 


Ul 

u 


(4) 


Thus in all the tliree cases there is the same relation between 
H 2 , Hi, R, U, and V, if they are given their proper signs. The 
refractive index of the left medium svith respect to the medium 


on the right is equal to ~—h> ft”d dividing 

/<i 

throughout by hi, we get 

(/t ~ I ) _ /* I, 

R V U • 


the above relation 


. (5) 


Convex Lens. Let a convex lens of refractive index h 2 
be placed in a medium of refractive index hi, ^od the radius 
of curvature of the incident and emergent faces be Rj and Ra 
respectively. For an object at a distance U, the image formed 
by the first surface is at a distance V' from it, and is given by 

(/t2~M i) H2 W. If.) 

Rj V U ' ' ' ■ ^ ^ 

Then the rays proceed /row a medium of refractive index h 2 
to a medium of refractive index hi ^rid suffer refraction at 
tlie second face of radius of curvature Ra. The image is the 
point to which the refracted rays converge, or appear to 
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diverge from, while the object is the point of intersection of 
the incident rays. The image for the first face is object for 
the second face, because the refracted rays for the first face 
are incident rays for the second face, and as the lens is very 
iliiii, the two faces are practically at tiie same distance from 
it. If the final image now formed is at a distance \' from 
the lens. 


/n ~ /«■-■ 
Pi 


/'I 

r 


r' 


.Adding (6) and (7), and rearranging 


I'l 

u 


or 




1 

u 


■(7) 


(s) 


When the object is at infinity, ~ is aero ; the incident 

rays are parallel to the principal axis of the lens, and on 
emerging from it converge to its aecoiid principal focus on 
its other side at a distance f from it. 




•(9) 


Considering the assumptions made in deriving this formula, 
it is applicable to a very thin lens whose aperture is very 
small as compared with the radii of curvature of its faces, 
and when the incident rays are inclined to the principal axis 
of the lens at very small angle. 


Q. 52. Obtain the relation between the distances 
of an object and its image formed by a lens in terms 
of the radii of curvature of the lens. 

Show that the minimum distance between an object 
and its real image formed by a convex lens is four 
times the focal length of the lens. [Ptnijah, 1934) 


Alls. See Q. 1. When the lens is concave, the rays 
emerging from the second face appear to diverge from a point 
on the side of the first face, and, therefore, the image is 
always virtual. 
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Minimum distance between Object and Image. 
Putting 1 ^ (8) of that question becomes 

1 ^ _ I 

f V u 

For a conve.x lens, / is negative, and when it forms a real 
image, v is also iiegatii'c, 


7 = - +— (numericallv) 

f V u 


■( 1 ) 


Differentiating both sides, we get 


or 


Let i( + u = /. 


dv 

da 


^ iht 

0 2 '"“ ~2 
V H 

y" 
n~ 


■{ 2 ) 

dl 


For maximum or minimum distance -r- = 0. 

dll 


Differentiating both sides, 


da da 


or 


iiy_ 

da 


= - 1 


dv 


Putting this value of in (2) 


or 


and (1) becomes, 




v = a (numerically) 


..,.(3) 


1 ' 1^2 

f V u 

or v — a = 2f 

/( + v=4/ 

This is for minimaai distance between an object and its 
real image ; the maximum distance between them is infinity. 
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or 


i iS 


(i+r.) + 

HV f' \ V 11 j 


4 

iiv 


1 1 


V 11 


is always positive, whether v is greater or 


1 . 4 . , 

smaller than it, and is constant, is maximum, or itv is 

/ tiv 

mininiuni, when — — - — 0, or o= //. 

V 11 


uv . 

But — r- =/= constant 

U-TV 

When uv is minimum, {n-\-v) is also minimum. Therefore 
for (u + v) being minimum, u—v, and 

uv II 

u + v 2 

or u = v = 2f 

hlinimum distance between object and image=n4-v 

-4/ 

Q. 53, Show that there are two positions for a 
convex lens for a sharp image of an object on a screen 
placed at a distance from the object greater than four 
times the focal length of the lens. 

If vii and vu be the magnifications produced in these 
two positions and d the distance between them, prove 

that the focal length f— — - — • {Calcutta, 1936) 

mi — m2 

A us. When a convex lens of focal length / forms a real 
image, the minimum distance between the object and its 
image is equal to 4/, and the lens lies midxvay between them. 
For other positions of the lens, the distances of the object 
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and its image from the lens are different 
an object and its image is 
formed at S by the lens 
placed in the position Lj. 

Using the usual notation, 

1 = 1-1 

f V u 

As /and v both are negative, 

_1^_ 1_I 

/ V u 


111 

In Fig. 44, O is 


1 


1 . . ' . 

S 

1 t 

1 0 


Fig. 44. 


or 


or 


^ (numerically) 
j V n 


(2) 


/= 


n X u u{l—u) 


u-\-v I 

where I is the fixed distance between the object and its image. 
Rearranging this we get a quadratic equation in it, which has 
two roots. 

til — H' =fl 

or — fa+/f = 0 




I 


Thus u has two values ; one is greater than “ and the other 


In the first case the 


smaller than ^ by the same amount. 

image is diminished, but in the second case it is magnified. 
The values of v are : — 

{H/R 

This shows that the value of v in the first case is equal to 
the valite of n in the second case, and its value in the second 
case is equal to the 'value of u in the first case. 
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From equation (l), - — 1+- 
f u 

= l+»;], ..." ... ... (2) 

where uq is the linear magnification produced by the lens in 
this position, and is ecjual to — 


If the object is placed at S, its image is formed at O by the 
lens in the position Lj, but it is diminished instead of being 
magnified, as the distances of the object and its image from the 

lens are interchanged, and its magnification is equal to • 

t’ 

Instead of interchanging the positions of O and S, the 3 ' are 
kept fixed, and the lens is moved towards S until in the position 
Li it forms a diminished image of O at S- Then OLz~ n'—v, 
SLz—v'^i/, and d=v—ii. 


1 

7 



V H 


/ U 


or 


/ V 

= I + 1//2, 


(3) 


where tn« is the magnification in the second position of the 
lens, and is equal to — — ~ • 

. u V 

Subtracting (3) from (2), 


or 


v-~ u 

~7~ 


nil — 111-2 


/- 


y — It 

nil — llin 


d 

nil ~ ni-i 


Q. 54. Find an expression for the focal length of a 
single lens which is equivalent to two thin lenses 
placed at a distance d from each other. 
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A /IS. Concave Lenses. Two concave lenses Li and Ljof 
focal lengths fi and /a respectively are placed at a distance ci from 




Fig. 45. 

each other, and an object AB stands on their common principal 
axis (Fig. 45). A ray BC from the top of the object after ; 
passing through the first lens Li at C is directed towards the 
principal focus F 2 of the second lens L^ ; after passing 
through the second lens at D, it travels along DE parallel to 
the common principal axis, and, therefore, dete/'n/u/cs the 
height of the image (virtual), which is equal to the distance 
between this ray and the principal axis. Produce BC to 
meet the principal axis at F and line ED, when produced 
backward, at G. A si/iglc concave lens, of focal length f, 
which when placed at L has its first principal focus at F, 
turns the ray BCG in the direction GDE, and thus forms 
image (virtual) of AB of the sai/ie height, though not 
necessarily in the same position, as formed by Lj and Lj 
together. The top of the image formed by Li and Lo 
to°'ether lies at the intersection of ED and CL 2 , which is also 
the image of C formed by La, while that formed by the 
equivalent lens L lies at the intersection of EG and BL. 

Triangles CFLi and GFL are similar, 

CU^LuF (1) 

GL LF 

Also triangles CF 2 L 1 and DF 5 L 2 are similar, 

CLi _ LiFa (2) 

•' DLa=GL LaFa 

Combining (l) and (2), we get 

LiF_LiFa 
LF L 2 F 2 

1 LiFa .... (3) 
LF LaFs X LiF 



or 
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Here Lil'j= — ((/+/..), and — /v. bccaiiEc tlic focal 

lengtli of a lens is the distance of its second principal focus 
from it, and is equal and opbositc to the distance between 
the lens and its first principal focus. 

If two rays are going along CF and Lib' to meet at F, the 
first lens makes them meet at Iv Therelore F is a virtual 
object and I'., is its real image formed by lens Lj. 

1 _ 1 _1 
L,F., L,F"y, 

I-= ’ -1 

LjF L,F*., /, 


1 


" (d+/.) /, 

fi+d+ f, 

-(d+/.)7i 

Putting values of LjF..., H..!'..., and L|F in (3), we get 

1 -(d+/.) /.±<H-/3 

LF" '-{d+/,)A 

-fih 

. 1 ^ _ J_^/, + d+/, 

’*7 LF ‘">7 

= i+l- + iL ... 
h f. M 


(4) 


Coi 

lenses. 

ivex Lenses. 
Li and L.., i 

Fig. 46 : 
and their 

shows 

equival 

the case of two convex 
ent lens L. .A. ray BC 
5 from the top of the 
object is deviated 
towards the principal 
axis by L,, it then 

✓ 


D 

L] A passes through the 

first principal focus 
F- of L>, and emerges 

E 



Fig. 46. from Li along DE 

parallel to the princi- 
pal axis. This ray determines the height of the image, whose 
top lies at the point of intersection of DE and CL-. 
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A single convex lens L, of focal length /, placed so that 
BC produced passes through its first principal focus F] and 
meets DE at a point G on it, turns ray BCG along GE, and 
produces image of the same height, though not necessarily in 
the same position, as formed by L, and La together. 

Proceeding as before, from similar triangles F-.CL 1 and 
FaLoD, and FjCL. and FiLG 

CLi LiF'> j CLi LiFi 

UD " L^a’ LG =XrD ~ Lf7 

. L.Fi^^L.Fa 

■ ■ LF, LaFa 


or 


1 

LFi L..F.. L,F, 


(5) 


Giving proper signs, LaF 2 = — /», as Fa is first principal focus 
of La, and LiIA= — (d— LaF 2 )= —(d+fi). Two rays BC and 
ALi would meet at F'] but lens L, makes them meet at Fs, 
and, therefore, for it, Fj is virtual object and F.. its real image. 

_1 L_=l 

L.F. L.Fi /, 


1_ _ 1 1 . 1 1 
l7Fi L,F... /: -(d+/a) fi. 

^ -(/. + d+/ a) 

(d+/a)A 

Putting these values in (5), we get 

J " (d+/«) ^ — (/i + d+/o) 

LF, -f, {d+fi)fi 

_ /, + d-h/a 
"/ 1/2 



J_=al+1+X 
LFi A Va v,/a 


•( 6 ) 


Q. 55. Explain the theory and application of achro- 
matic combinations of prisms and lenses. {Bombay, 1933) 

Aus. Achromatic combination of Prisms. When a 
ray of light passes through a prism, placed in a rarer medium, 
it suffers deviation towards its base. For a certain angle of 
incidence the deviation is minimum, and depends on the 
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refraciing angle A of tlic prism and its rcfraclive index for 
the wave-length of light used. The relation between these 
quantities is given by 



When .\ is very snutll, D is also very small, and the above 
relation reduces to 

or D = (|A~1)A (1) 

The angle of minimnni deviation, with a given prism, is 
different for lights of different wave-lenqths. When the 
incident ray consists of different wave lengths, a number of 
differently coloured rays emerge from it at diffcrcnl angles. 
If H'v and P'K are the refractive indices of llic prism for 
violet and red rays respectively, and Dv and Dj; arc the 
corresponding deviations, equation (l) gives 
Dv-(H^v-3)A 

Dispersion produced by the prism 

= Dv-D,. = (K.-(^it)A . . (2) 

To obtain an achromatic combination, that is, deviation 
xvithout dispersion, a second prism of different kind of 
glass of suitable refracting angle A' and corresponding 
refractive indices f^'v and is placed in contact with the 
first prism, but opposite to it, so that the refracting edge of 
each touches the base of -the other. The second prism also 
deviates the violet rays more than the red rays towards its 
base, but axbay from the base of the first prism. If D\. and 
D' R are the corresponding deviations. 

Dispersion produced by second prism 

= D'v-D'k = (K"v-H^'k)A' (3) 

If the two dispersions are equal, they neutralise each other, 
and violet and red rays emerge from the combination parallel 
to each other, and aire brought to a single focus by a lens or 
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the eye of the observer. Therefore the condition for'achro- 
matic combination for these rays is : 

Dv-Dr=D\.-D'h 

or (f^v-(^R)A = (|A'v-H^'K)A' .... (4) 

If P' and D, and 1^' and D', are the mean deviation and mean 
refractive index in the first and second case respectively, the 
deviation produced by the combination is given by 

D-D' = (M'-1)A-(1^'-1)A' .... (5) 

Achrbrriatic Combination of Lenses. See Q. 56. 

Applications. A prism is usually used, in preference to 
a plane mirror, for changing the direction of light, by total 
internal reflection. If light used is not monochromatic, it is 
dispersed, and the emergent beam is coloured. To overcome 
this difficulty a second prism, of different kind of glass and 
of suitable refracting angle, is used to neutralise the dispersion 
produced by the first, and still produce the desired change in 
the direction of light. 

As the focal length of a lens depends on the wave-length of 
light used, and is dijfcrent for light of different colours, 
unless monochromatic light is used, the image of a point 
object is drawn out along the axis of the lens, apd is coloured 
for any position of the screen. Moreover, as the human eye 
is most sensitive to the yellow part of the spectrum, the 
position of the photographic plate is adjusted for focussing 
these rays in taking a photograph ; but the plate itself is 
most sensitive to the blue part of the spectrum, and, therefore, 
it is out of focus for these rays. Thus a single lens camera 
cannot give a sharp, distinct photograph. Therefore achromatic 
lenses are used in telescopes, microscopes, photographic cameras, 
and in all other instruments used for forming images free from 
chromatic aberration. 

Q, 56. Explain what you understand by the disper- 
sive power of a material. 

Deduce the condition of achromatism for two lenses 
in contact with each other. [Calcutta, 1933) 

Alts. Dispersive Power. The refractive index of any 
given medium is different for different wave-lengths of light 
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used, and they are deviated by different amounts. Consider 
the case of a prism of very small refracting angle A that 
produces minimum deviation D (very small) in a ray of light 
for which its refractive index is /i. 





A + D 
A 


or D = (1^-1)A . (1) 

If the refractive indices of this prism for violet and red rays 
are H'v and F"r respective!}', and the corresponding deviations 
are Dy and Dr, then 

Dv=(t^v-3)A 
and Dr=(1^r — l)A 

Dispersion = Dv— D r = (H"v— !^r)A . . (2) 


Let D be the mean deviation and 1^ the corresponding mean 
refractive index. Dividing (2) by (l). 


Py Pr 
D ' 


■ (F--1) 


(3) 


where iv is called the dispersive power of the material of the 
prism /or violet and red rays, and it indicates hoxv the angular 
dispersion {or refractive index) varies for a given mean 
deviation {or mean refractive index). For different media 
XV is different, that is, for the same value of D (or I*'), Dy - Dr 
( or pv— F'r) is different, and for the same value of Dy— Dr 
(or Fv— F' k), D (or F') is different. For any particular wave- 
length its value is given by > or ’ where D is the 

deviation and F is the refractive index for that wave-length, 
and (5F is a very small change in refractive index for a very 
small change 8D in the deviation. 


Equation (3) gives Dy-DR = rc'.D (4) 

This shows that the angular dispersion for any two wave- 
lengths is equal to the product of their mean deviation and 
the dispersive power of the medium for those xvave-lengths. 

Achromatic Combination of Lenses. A thin lens may 
be considered to consist of a very large number of prisms of 
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varying refracting angles placed end to end from its pole 
outward, the refracting angle decr.easing at a uniform rate 
from its pole towards its periphery. The deviation produced 
by the different parts of the lens goes on increasing from its 
pole outward, and all the rays of light coming from a point 
on its principal axis converge to, or appear to diverge from, 
a point after passing through it. But the deviation produced 
at a point is different for different wave-lengths, and, therefore, 
the focal length of a lens depends on the colour of light used. 

To get an achromatic combination for any two colours of 
light, two lenses of different kinds of glass and of suitable focal 
lengths are placed in contact so that the focal length of the 
combination is the same for those two colours. Let /y and 
/k be the focal lengths of one lens for violet light and red 
light respectively and / be its mean focal length, M'v, I^k, and 

be the corresponding refractive indices, and Rj and R2 be 
the radii of curvature of its two faces. 


7 (r, r.) 

<« 

Similarly, = 

Let the corresponding terms for the second lens be denoted 
by a dash. Then proceeding as before, 

1 (l^'v— 1 ) 

A- (P'-i)/ 

™ 

The reciprocals of the combined focal lengths for violet and 
red rays are equal to and T + Tr respectively, and 

fy f y * B 
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these should be equal for achromatism for violet and red. 

Putting their values from (6) (9), we get 

(H'v-l) (l^’v-1) (H-k-D 

(P'- 1)/'^(P''- 1)/'"(P- 1)/' 

(P^v-1) (m'v-1) (m'r-1) 


0'v“/Xr) (/v“Mr) 

Ox-i)y (/-!)/' 


where w and iv are the dispersive powers of the first and 
second lens respectively for violet and red, As xo and xv are 
both positive, / and /' must be of opposite signs, that is, one 
lens must be convex and the other concave, and their mean 
focal lengths should be in the ratio of their dispersive 
powers. Further, the two surfaces in contact should have the 
same radius of curvature. 


Second Method. Differentiating (5), we get 



Dividing (lO) by (5), -~ = T-^^^=w (11) 

f t/x— 1) 

If the two lenses have their mean focal lengths /i and 
/ 2 , for any given region of the spectrum, then their combined 
mean focal length / is given by 


1 


1 


/ h 

This on differentiating gives, 

~ dp _ —dfj _ ^ 

/f fi 


= ~+^> [from (ll) 

n h 

where u’l and rco are the corresponding dispersive powers for 
the given region of the spectrum. As the combined focal 
length is to be constant for that region, its differential should 
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be zero. Therefore the condition of achromatism is 


/l /. ’ 

for any given region of the spectrum. 


Q. 57. What is meant by an achromatic combination 
of lenses, and what are the principles underlying its 
construction? Prove the formula involved. 

{Punjab, 1933) 

Alls. See Q. 56 for the meaning of an achromatic combi- 
nation of lenses and the principles underlying its construction 
when the lenses are placed in contact. 


Another method is to use two thin lenses of the same kind 
of glass placed at a distance equal to their average focal 
length. This is usually done in the case of eye-pieces. The 
rays dispersed by the first lens are made parallel by the 
second lens. The coloured images are neither of the same 
size nor are they at the same distance, but all of them 
subtend the same angle at the eye, and, therefore, a white 
image is seen. 


The focal length / of the combination of two lenses of focal 
lengths fi and /j, and placed a distance a apart, is given by 


i=W- + -^ 

/ fi h fif. 


(1) 


Let/v, and A, be the focal lengths of the first lens for 
violet and red rays and Ji be its mean focal length ; 
and f-x be the corresponding values for the second lens ; 

and be their refractive indices for violet and red rays, 
and be their mean refractive index. If Ri and Ra are the 
radii of curvature of the two faces of the first lens, then 



( F'v-l) 

(H'-l)/. 


. . ( 2 ) 



122 


PHYSICS 


Q. 57. 






(3) 


Similarly for the second lens, 
1 _ (l^v- l) 

/v, (l^-U/2 ■ ■ 

1 _ (M-r-I) 

/r2 ^1^-1)/= ■ ‘ ■ 


(4) 

(5) 


Let /v and be the focal lengths of the combination for 
violet and red rays respectively. 

L==J-+.i_+~^ 

/ V /\'i fyify« 


__ (|^v-l) ■ (t^v- 1) . (tIH'V- 1)^ 

(F^-1)/, (1^-1)/. (l^-])V./2 


(H'-l) i/i /j/^l 1^-1 / 


(7 

fxfz 


/n /ki /rj /kj/r" 


. (P'K— 1 ) . (ft'R— l) ■/ P'R— 1 (T 
(H'-D/e Vl^-l / "7l/z 
(l^R- 1 )/ 1 . n , /l^R-lf rr 


(b) 


(7) 


For achromatic combination, /y should be equal Io/r. 
Equating (6) and (7), \Ye get , 

(Fv-1)/1 






(P'R-l)/ 1 

(P-i)Va 




M'r-i Y 
1^-1 / 
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or 




1^-1 Vi h 


(l + LV 

Vi h ) 


(H-r- 


/I /2 


(1^-1)' 


or 


1 

/i 


I 


'^/2 flf-l 


(^R - (^vjff^R+H'v-V) 

-( H-v-|^r) 2 (H'- 1 ) 

[V 
2a 


-X --- 

/i/i 

xVL. 

/i/a 

H'k + F'v = 2H' 


Multiplying both sides by /j/ 2 , 

/.+/,= -2^7 (8) 

As a is aixt'ays posi/h’c, hence (/i+/i) is always negative : 
either both the lenses are convergent, or one is convergent 
and of greater focal length than the other divergent lens. 
This combination is achromatic for all colours, because n is 
the same for both the lenses for any wave-length of light used. 

Second Method. Differentiating (l) we get 
df dfy dfz a^ dfz a _ dfj 

f A fi' 

For achromatic combination / must be the same for light 
of different colours, and, therefore, its differential d/ is equal 
to zero. Also, as shown in equation (11), Q. 56, dispersive 


powers rci and xvz are respectively equal to 


h 


and 


-dft 

fz 


K’l , W-i 

iZh 


awz ■ fftc’i . 

fif. fzh 


But in this case wi=W 2 , 




or 

or 


\ 

fx 

^1 + ^2+ 2(1 = 0 
f\A-Jz——'la 


Q. 58. What is meant by an achromatic combination 
of lenses? How will you correct the chromatic 
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aberration of a plano-convex, crown glass lens of 30 cm. 
mean focal length, the following data being given ? 
Refractive indices for red and blue light respectively 
are 1‘520 and 1'540 for the crown glass and 1’630 and 
1‘660 for flint glass, various lenses of which material are 
available and with any desired focal length and radii 
of curvature. (Punjab, 1936) 

Alls. For achromatic combination of lenses, see Q. 56. 

Problem. Two lenses of dispersive powers w'l and rcs for 
two given colours form an achromatic combination for them 
(colours) when placed in contact, if their mean focal lengths 
fi and for those two colours are given by 


(fr) Croxcii glass convex lens. 

Mean focal length /i= —30 cm. 

Refractive index for blue light— r54 
), „ „ redlight=r52 

Mean refractive index=r53 

. 1'54- 1'52 _. '02 
r53 ]'53 


Its dispersive power Wj- 


(b) Flint glass lens. 

Refractive index for blue light=r660 
red light = 1*630 


Mean refractive index 

Its dispersive power toj 


For achromatic combination, 
•02 


+ - 


= r645 
= Y66~1'63 
r645 
_ ’03 
r645 

'03 


or 


r53X(-30) 1-645 X/. 

•03X1-53X30 


= 0 


f-2 = 


1-645 X -02 


~=41'85 cm. 
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Therefore the correcting flint glass lens should be concave 
and of focal length dl'SJ cm. 

Q. 59. A compound achromatic lens was constructed, 
having focal length 50 cm. ; the surface of contact of 
the crown and flint glasses having a common radius of 
30 cm. The dispersive powers of crown and flint 
glasses being taken as 0'22 and 0’46 and the refractive 
indices of the middle of spectrum assumed as T52 and 
1‘63 respectively, calculate the radii of curvature of 
the second faces of the two lenses. {Punjab, 1932) 

Ans. Two lenses placed in contact form an achromatic 
combination for two colours if the dispersive power Wj of one, 
for the two given colours, divided by its mean focal length /i 

for them is equal and opposite to the corresponding ratio ^ 

for the same two colours for the second lens. 


Dispersive power of crown glass — '22 
„ „ „ flint g!ass=’46 

Mean refractive index of crown glass = r52 
„ „ „ flint glass =1.63 

Focal length of the combination 1 _ _2 q 
[assumed to be convex) ) 


cm. 


Common radius of curvature =30 cm. 

Let /j cm. and /a cm. be the mean focal lengths for crown 
glass and flint glass lenses respectively. Then for achromatism, 

ft ft 


or 


■f- *22 1 1 


( 1 ) 


As the reciprocal of the focal length of the combination is 
equal to ihe sum of the reciprocals of the focal lengths of the 
components. 


1 __ 1 .1 
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[from (l) 


h 23 /, 
12 
23/, 


or 

, -12X50 

,3 om. 

and 

23 12X50 

1 1 23 


12X50 

. n 


The focal length /of a lens of refractive index /i and radii 
of curvature R, and Rj is given by 


1 

7 



( 2 ) 


(rr) Crown glass convex lens. If the convex lens is the 
first lens, the common radius of curvature R 2 = +30 cm. 
Putting the values of /,, n, and R 2 in (2), we get 


or 

or 


and 


— =(r52“ l)( — 

12 x 50 ^\Ri 30/ 

- 23 _ 

R, 30 12 X 50 X '52 

i= -23 _ 1 

R, 12 X 50 X '52 30 


-23 + 10'40 
12X50X'52 
12X50X’52 


— 24’76 cm. 


Thus its first surface is convex and of radius of curvature 
24'76 cm. 


- ib) Flint glass concave lens. The concave lens being the 
second lens, the common surface is its first surface, that is. 
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Ri — 1-30 cm. 


or 

or 


and 


I’uUing the known values in (l), we get 

12X50^'^ (lo'Ra) 

I __1 11 

30 R 2 12 X 50 X -63 

n 

R-i 30 12 X 50 X -63 
_ 12‘6 - 11 
12X50 X ‘63 
„ 12 X 50 X ‘63 

Te — 

= -k 236*25 cm. 


The second surface of the flint glass concave lens is of 
radius of curvature 236*2 cm. and of the same (positive) sign 
as its first surface, that is, it is convex and bulges outward. 

Q. 60. (a) State and explain the essential conditions 
for the formation of a primary rainbow. Show clearly 
the points of distinction between it and the secondary 
one. 


(6) A luminous source situated 30 cm. from a 
double convex lens forms a real image- on the axis 
such that the blue part of the image is at a distance of 
50 cm. from the lens, the axial length of the image 
from blue to red being 4*11 cm. If the refractive 
index for the blue is 1*6337, determine the refractive 
index for the red. {Bombay 1935) 

Alts. See Q, 61 for the formation of a primary rainbow and 
the following points of distinction between it and the secondary 
rainbow : — 

(1) The primary rainbow is formed by rays which have 
suffered one internal reflection, while the secondary rainbow is 
due to the rays which have been Uvice internally reflected. 
Therefore the secondary rainbow is fainter than the primary 
rainbow. 

(2) The secondary rainbow is higher than the primary 
rainbow. 
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(3) The primary rainbow is violet on its inner (lower) edge 
and red on its outer edge, but in the secondary rainbow the 
opposite is the case, and the spectrum colours are in the reverse 
order. 

Problem. If a lens of radii of curvature Ri and R; has 
refractive indices and />k for blue and red rays respectively, 
its corresponding focal lengths and are given by 


and 



Dividing the first equation by the corresponding 
second equation, we get 

_ O-'ti ~ f ) 

/c ~ 1) 


sides of the 


( 1 ) 


Refractive index for blue rays = 1‘6337 
Distance of object from the lens = 30 cm. 

„ ,, blue image „ „ „ =50 cm. 

,, ,, red image „ „ „ =54’11 cm. 


Using lens formula 
image. 


j_ 

/ V u' 


where v is negative for real 


/c " 50 30 150 


1 1 __ -84‘11 

/r 54T1 30 54’11X30 

Putting the values of /r, /r, and /xr in (l) we get 
54TlX30 ,,-8_ r6337"l 
-84-11 150 /iR-l 

! -.r - '6337 X 84-11 X 5 

’ 54-] 1 X 8 

= -6156 
1-6156. 


or 
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Q. 61. Explain the formation of Primary and 
Secondary rainbows. Why is the latter red in its 
inner and violet on its outer edge? [Punjab, 1929) 

Alls. Rainbows. They are seen in the sky due tc the 
dispersion which sun’s rays suffer when they are refracted and 
internally reflected by the spherical rain drops. The primary 
rainbow is formed by the rays which have suffered one 
internal reflection, while the secondary rainbows are due 
to the rays which have been twice internally reflected before 
emerging from the water drops. The intensity decreases with 
the number of internal reflections, and, therefore, usually 
primary, and sometimes secondary, rainbows only are seen by 
an observer with his back towards the sun. 

Primary Rainbows. Parallel rays of the sun fall on 
spherical water drops in the sky. As they are incident at 
different points on a drop, making different angles of incidence, 
they undergo different deviations. A ray incident at A 



Fig. 47. 


[Fig. 47 at angle of incidence i, makes angle of 

refraction ;- and is turned clockwise ; at S on internal reflection 
it is turned clockwise through 1S0°- 2;-, and it emerges at'£' 
along BO suffering a further clockwiss-deviation of i— r. As 
all the three deviations are in the same direction, the total 
deviation D is equal to their sum and is given by 
D = (t"r) + (180°'2r) + (f-;-) • 

= lS0'’+2t-4r 
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A ray which is directccl towards the centre of the drop falls 
on it alons? the normal, and sullers the greatest der iation of 
180“^ on being internally rellected hack on its path, h'rom the 
refractive indes of water and diirerenl angles of incidence, the 
corresponding angles of refraction can he calculated, and the 
value of D in each case can he found. Working in this way 
the mininiiim value of deviation is found to be about 138^. 
Near this point deviation changes very sloicly : the deviation 
of the rays on either side of the minimum-der-iation ray is 
almost the saute, and, therefore, all these emergent rays are 
almost parallel to one another, so that the iiiteiisity of the 
entergent beaut retnaitts almost the saute. .-\11 other rays are 
divergent, or after crossing each other become divergent, and 
their intensity decreases with distance. 

If the observer's eye is in the direction of the least deviated 
rays, he receives copious light from the drop ; hut in all other 
directions the emergent light from the drop is faint. .Ml the 
drops of water which lie on a cone, whose ape.v is at the 
observer 0, a.xis parallel to the rays of the sun, and line OE 
on its surface, send out least deviated rays to the observer, - 
and, therefore, appear itttich more brigitl than other drops. 
(The incident rays on all these drops are parallel to one 
another, but as their planes of refraction and internal reflection 
are different, the emergent rays are not parallel and can pass 
through 0.) In this way a bright circular arc, whose centre is 
in line with the sun and the observer, is seen in the sky. 

Light of the sun is dispersed by the water drops : angle of 
minimum deviation is the greatest for violet and smallest for 
red, and for other colours lies between them. As the angle 
between OE and the axis of the cone OG is the suppletitentary 
of the angle of minimum deviation, the value of this angle is 
greater for red rays than for violet rays, and, therefore, the 
observer receives red light from a higher circular arc of water 
drops than violet light. Thus the primary rainbow is coloured 
violet on its inner edge and red on the otiter and other colours 
lie between them. Angle BOG is 40'2° and 42T° for violet 
and red bows respectively'. 

Secondary Rainbows. In Pig. 47 (h) a ray of light under- 
goes two refractions and two internal reflections. All the four 
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deviations are in the anti-clockwise direction, and the total 
deviation D is given by 

D = (/-;-) + (lS0°-2/-) + (lS0°-2r) + {/-r) 

= 360°4 2r-4r 

Working as before, the angle of minimum deviation is found 
to be 232°. In this case the angle between the line of sight 
OF and the axis of the cone OG is equal to D — 180°, and as 
the angle of minimum deviation for violet light is greater than 
for red light, the angle between OF and OG is greater for 
violet light than for red light. Therefore the observer O 
receives violet light from a higher arc of water drops and red 
light from a lower arc of drops, the respective angles being 
54‘5°and SI’S®. Thus the secondary rainbow, unlike the primary 
rainbow, is red on its inner edge and violet on its outer. 

.\.s the angle between the line of sight and the axis OG 
of the bow is greater for secondary rainbow than for primary 
rainbow, the secondary rainbow is higher than the primary 
rainbow. Fig. 48 is a vertical section of the rainbows by a 
plane in the line of sight. Water drops Sy and send violet 



and red 'rays respectively of the secondary rainbow, and the 
corresponding drops for the primary rainbow are Py and 
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The region between Pr and Sr appears darker than the rest 
of the sky, because light reflected internally from the water 
drops here can not reach the observer, as, for both single and 
double internal reflection, the angle of deviation would have to 
be smaller than the angle of minimum deviation, which is not 
possible. 

Q, 62. Explain the theory of a direct-vision spec- 
troscope, iPiitijab, 1935) 


Alls. When a prism of refracting angle A produces mini- 
mum deviation D in a ray of light, its refractive index /x is 

equal to When A is small, D is also small, and 


sin 


(A/2) 


or 



(1) 


When the incident light is not monochromatic, it is dispersed, 
and different wave-lengths are deviated by different amounts. 
If Dv and Dr are the deviations for the extreme parts, violer' 
and red, of the spectrum, and /xv and /xr the corresponding ' 
refractive indices, 

Dv = (/xv-l)A 

and Dr = (/xr-1)A 

.'. Dispersion = Dy— Dr 

= (/xv“/xr) a (2) 

If II is the mean refractive inde.x and D the corresponding 
devation, equation (l) expresses the relation between them. 

For a second prism of a different kind of glass, refracting 
angle A\ refractive indices if, ii'v, and /x'r, and the corres- 
ponding deviations D', D'y and D'r, 

Mean deviation- D'= (/x'— 1) A' / (3) 

and Dispefsion=^D' y— D'r ^ 

~ =(/x'v — /x'r)A' (4)) 

If A and A' are so selected that (/x-l) A is equal to 
(/x'- 1)A', and the prisms are placed with their refracting edges 
opposite to oner another, that is, the refracting edge of each is 
along the base of the other, the mean deviation due to one 
is equal and opposite to the mean deviation produced by the 
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other, and, therefore, the combination produces no deviation 
in the central rays. As the dispersive powers of the two 
prisms are different, for the same mean deviation, they pro- 
duce different degrees of dispersion. The resultant dispersion 
is equal to the difference between the two dispersions, and it lies 
on the two sides of the undeviated central rays. Thus with 
this combination the spectrum is seen by looking directly 
through it. 



Fig. 49. 

Two prisms, first of flint glass and second of crown glass, 
and greater refracting angle, are held with their refracting 
, edges in opposite directions, in a tube, which carries a lens 
L at one end and an eye-piece at the other and can slide in 
an outer tube (Fig. 49.). The outer tube has a narrow slit 
S placed parallel to the refracting edges of the prisms and at 
the first principal focus of lens L, so that the rays emerging 
from the lens are parallel to its principal axis. 


Light passing through the slit is dispersed by the first prism ; 
it is then dispersed by the second prism, in the opposite 
direction, and emerges from it with the central part of the 


spectrum undeviated. 


The 


dispersive power 


Dv - Dr 
D 


of 


the 


first prism is greater than the dispersive power 


D'v-D'n 

D' 


of the 


second prism. As D, the mean of Dv and Dr, is equal to D'Tl 
the mean of D'v and D'r, the dispersion (Dv-Dr), due to 
the first prism, is greater than the dispersion (Dv' — D'*), 
produced by the second prism, and Dv is greater than D'v 
and Dr smaller than D'r. Thus the combination produces 
spectrum whose central part is undeviated ; the part of the' 
spectrum on the violet side of the central rays is deviated towards 
the base of the flint glass prism, and that on the red side of 
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the central rays is deviated towards the base of the crown 
glass prism. The'spectrum is examined with an eye-piece E. 
Usually, to obtain a /a rgc spectrum, two flint glass prisms 
are combined alternately with three crown glass prisms of 
appropriate refracting angles. 

Q. 63. An objective consists of two lenses A and 
B in contact. A is plano-concave, and B is bi-convex. 
The radii of curvature of the objective are thus : 

“U ; — rii + rj. The optical data for the glasses are : — 

Refractive indices : (4), /i = 1’614 ; (S), /i — V522 

Dispersive powers ; (A), w=0'027 ; (B), rc = 0‘017. 
Calculate ri and r 2 so that the objective may be 
achromatic and have a focal length of 300 mm. 

{Baiubay, 1932) 

Ans. A lens A of mean focal length fx and dispersive 
power Wi when placed in contact with another lens B of 
mean focal length /j and dispersive power v'z forms an achro- 
matic combination if 


or 


Wl 

/. 



/i=- 


Xl’2 


Putting the values of w’l and rev, 

/)=- 


m/2 

•017 


_ 27 A 

17 

The focal length / of the combination is given by 

/ /i A 

_ -17 1 10 

27/2 f 2 21/2 

As the objective is a convex combination, /= — 30 cm. 

• i^=_ ± 

27/2 • 30 
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^ 300 100 

/.= - = - — cm. 

27/ - 100 
17 17\ 9 


The focal length / of a lens of refractive index // and radii 
of curvature Ri and R 2 is given by 




Forlen-s .d, /=— ■ cm , //= r614, = and = so 

1 / 

at 

17 j' 1 1 \ 


J-) 


- '■] 

300 X •614 

= — 10’ (34 cm. 

1 ' 1 « r 100 „ ]S4’2 

l'or]ens/3, / = -— cm., /i = J o22, — cm., 

and Ri—i'i. Putting these values in the lens formula) we get 

'ilo= ‘X- 7^- i) 

‘M-dk-'v) - 

17 , 1 9 

QJ" ^ 

184'2 rs 52 2 

L=: __ 17 

>-2 52' 2 I84‘2 

1 8^-' 2X9-5 2*2X 1 7 

~ 52’2 X rS4‘2 

• 52’ 2X184’2 

iS4'2X9-52'2XT7 
= 12'47 cm. 
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Q. 64. Describe with necessary diagrams the optical 
parts of an astronomical telescope which is fitted with 
a micrometer eye-piece. How cati you use it to 
measure the angular distance between stars? In what 
respects docs an opera glass differ from an astronomical 
telescope? fCnlciiiln, 1931) 

Alls. In an astronomical telescope an objective of /ong focal 
length is fitted at one end of a tube in the other end of which 
can slide a smaller tube carrying an eye- piece of short focal 
length, and cross- wires in front of it (I'ig. 50). The objective 
consists of a crown glass conve.v lens placed in contact with 
a flint glass concave lens of appropriate focal length so that 
the combination is achroiiiatic and convex. The eye-piece 
consists of two plano-convex lenses of equal focal length and 
the .same kind of glass, placed apart at a distance equal to 
two-third the focal length of either and their convex faces 
towards each other. By this arrangement spherical and 
chromatic aberrations are reduced. For avoiding chromatic 
aberration altogether, each lens is made an achromatic doublet, 
and their faces are made of proper radii to minimise spherical 
aberration". The inner lens F is called field lens, and the 
second lens B is called eye lens. 



The rays of light coming from the top B of a very distant 
object AB are parallel to one another, but after passing 
through the objective become convergent. The low'er ray 
passes through the optical centre of the objective and passes 
out without any deviation, while the upper ray is turned by 
the objective toward its principal axis and meets the first ray 
at B', in the second principal focal plane of the objective. 
Therefore B' is the real image of B. Then these rays pass 
through the field lens ; they are turned towards its principal 
axis so that they appear to come from a point in the first 
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principal focal plane of the eye lens E, and, therefore, on 
passing through lens E become parallel to one another. For 
this to be possible, the distance of A'B' from F should be 
equal to one-fourth the focal length of either the field or eye 
lens. Similarly, the real image of A is formed at A’, and A'B' 
is the real image of AB. The final image seen through the 
eye-piece is at infinity. 

The angular distance between two stars can be measured 
with this telescope if they are not wide apart and both of them 
can be seen at the same time with it. By moving the 
micrometer screw the point of intersection of the cross- wires is 
made to coincide first with the centre of the image of one star 
and then with that of the other. The distance between the 
two positions divided by the focal length of the objective' 
gives the angle in radian subtended by the two images at the 
objective, and is equal to the angular distance between the 
two stars. 

An opera glass consists of txvo small telescopes, one used 
for each eye of the observer and thus stereoscopic effect is 
obtained. The eye-piece of each telescope .consists of a 
concave lens ; it is placed betxaeen the objective and its second 
principal focus, and, therefore, an erect image is seen. By 
using a concave lens the length of the telescope is shortened 
but the field of view is very much decreased. Moreover, an 
opera glass cannot be used for quantitative work. 

Q. 65. Define the magnifying power of a telescope. 
Give a neat diagram of an astronomical telescope, 
showing the paths of the principal rays. How is its 
magnifying power for infinity practically determined ? 

' {Calcutta, 1935) 

Alts. See Q. 64 for a diagram of an astronomical telescope 
and the paths of the principal rays forming image. The 
magnifying power of a telescope is equal to the ratio of the 
angle that the image seen through it subtends at the eye 
of the observer to the angle 'which the object subtends at the 
eye when seen directly. When the object is at a very great 
distance, the objective of the telescope forms its real image at 
its second principal focus. The magnifying power is equal to 
the focal length F of the objective divided by the focal length 
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/ of the eye-piece, and the distance between the objective and 
the eye-piece is equal to F -f/ {ininterically). The telescope is 
focussed for infinity, and then its objective is replaced by a disc 
having a vertical rectangular slit of length O. The eye- piece 
forms a real diminished image of this slit, whose length I is 
measured with a travelling microscope, fitted with cross- wires. 

If u is the distance of the siit in front of the eye-piece and 
t’ the distance of the image from it, 

1 _ 1 _ _ 1 
X' II f 

as II is positive and J is negative. 


or 


But 


1 __^_1 
V n / 

_ 1 

(F+/) / 

~ F 

/(F+/1 

Height o f oyect__ O _u \'+f 
Fleight of image I v v 
_ -F 
/ 


[V 


[from last equation. 


Magnifying power = 


F 

/ 


0 

1 


diameter of ob jective 

diameter of its real image formed by eye-piece 


Q. 66. Explain Foucault’s method of measuring the 
velocity of light. How did it help the wave theory of 
light to get firmly established ? {Punjab, 193l) 


Alls. Foucault’s Method. Light from a narrow' illumi- 
nated slit S, with a fine platinum wire stretched across it, falls 
on a glass plate G (Fig. 51) A part of it is transmitted through 
G, and an acltromatic Jens L makes the rays converge to S,. 
In the path of these rays is placed a vertical plane mirror M 
which can be rotated about a vertical axis passing through O. 
-This mirror reflects the rays and makes them meet at a point 
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C on a concave mirror whose centre of curvature is at O. 
These rays are reflected back by the concave mirror ; then on 



being reflected from the stationary plane mirror M they appear 
to come from Sj so that OSi is equal to OC. They follow 
back' their original course, are made convergent by the lens L, 
and, on being reflected from G, meet at A, which is at the 
same distance from G as S. Here the image of the platinum 
wire is observed with a micrometer eye-piece. The rest of 
light passes through G and converges to S. 

When the plane mirror is rotated about a vertical axis 
through O, an intermittent image is seen once in each rotation 
when light fails on the concave mirror and- is reflected back by 
it. With more than 16 rotations per second, due to persistence 
of vision, a coniinuons image is seen, but it is Jess bright than 
when the plane mirror is stationary. The velocity of light is 
so great that when the rays of light reflected from C come 
back to the plane mirror, they do not find it appreciably 
rotated from the position in which they left it ; they are 
reflected back, along their original course, and, therefore, the 
image is seen at A. With very great speed of rotation, the 
plane mirror turns through an appreciable angle 0 into the 
position M'‘ before the rays, reflected from C, return to it. 
Then they do not go back along their original course, but are 
deflected through 2fl, so that they appear to come from Sj 
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and the lens L makes them meet at B, Thus the image is 
displaced through a distance AB, which is measured with the 
micrometer eye-piece. The rest of light passes through G and 
converges to S'. The distance of S' from G is the same as 
that of B and SS' is equal to AB. 

Calculation of Velocity, Let the plane mirror make;/ 
rotations per second or its angular velocity be equal to 2-ti 
radians per second, SL equal to a, LO equal to b, OC or OSj 
equal to d, AB or SS' equal to I (all measured in centimetres), 
and angle MOIM' equal to 9 radian. If the velocity of light is 

V cm. per second, it takes second to go from O to C and 


back to 0, and, therefore, 6 is equal to 


27r;/X 




radian. 


As 


the plane mirror is turned through 6 radian, the rays reflected 
from it are turned through 20 radian, and SiSj subtends angle 
20 radian at O, that is, S 1 S 2 is equal to ffX20cm. Also S 
and Si, and S' and S 2 are conjugate foci for the lens L, 

• SS'=AB _ SL 

S 1 S 2 LO+OS, 

I a 

d^20~ b+d 

(V a_ r.. 4-;;rf ~[ 

< 2dX‘hrnd~b + d L ■ V J 


or 


8-nad^ 

l{b+d) 


cm./ sec. 


Foucault placed a long glass tube full of water in the path 
of the rays between M and C and found the displacement of 
the image to be slightly greater. This proves that the velocity 
of light in water is smaller i\ia.n in air, because the smaller 
the velocity, the greater the time taken by light to return to M 
from C, and the greater the angle of rotation of the plane mirror 
M, the greater the displacement of the reflected rays and the 
image. This result finally decided the fate of the corpuscular 
theory, for according to this theory the velocity of light in an 
optically denser medium (water) should be greater than in a 
rarer m.edium (air). On the other hand, the wave theory of light 
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indicates a smaller velocity in an optically denser medium 
than a rarer medium. Thus the corpuscular theory was finally 
rejected and the wave theory got firmly established. 

Q. 67. Explain in brief the phenomenon of “Sphe- 
rical aberration Under what conditions is spherical 
aberration produced in telescopes and microscopes ? 
Show the construction of principal types of eye-pieces 
that can be used to reduce it. Illustrate your answer 
with neat geometrical diagrams. {Bombay, 1935) 

Alls. Spherical Aberration. {a) Reflection. When 
a spherical mirror has a small aperture as compared with its 
radius of curvature, all the rays of light coming from a point 
on its axis after reflection from its surface converge to, or 
appear to diverge from, a single point on its principal axis, 
called the image of the first point. With a wide aperture, ' 
the rays incident near the pole of the mirror still intersect, 
after reflection, at a single point, but the rays reflected from 
the remote parts, that is, incident rays which do not make 
small angle with the principal axis, intersect the principal 
axis at points nearer the pole. The more remote is the point 
of reflection from the pole of the mirror, the nearer to the pole is 
the point of intersection of the reflected rays with the principal 
axis. Any two rays reflected from two near points on the 
remote surface intersect each other before reaching the princi- 
pal axis, and each such point of intersection is an image of. 
the point object from which the rays started. 

Thus the focal length of the mirror is different for points, 
of incidence at different distances from the pole, and the 
more remote the point of incidence from the pole, the smaller 
is the focal length of the mirror. When an object subtends 
a large angle at a mirror, the rays coming from its outer parts 
make large angles with the principal axis, and for these 
oblique centric rays the focal length of the mirror is smaller 
than for centric rays. The result is that a curved and distorted 
image is produced. 

[b) Refraction. Similar is the case for the refraction of 
rays through a thick lens of large aperture. With a thin 
lens of small aperture, all the rays coming from it converge 
to, or appear to diverge from, a single point on its principal 
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axis. When the lens is thick, that is, its aperture is not 
small as compared with the radii of curvature of its faces, or 
an object subtends a large angle at the lens, the rays coming 
from a point of the object, after passing through different ’ 
parts of the lens converge to, or appear to diverge from, 
different points. The more remote the point of incidence 
from the middle of the lens, and more oblique the rays, 
the smaller is the focal length of the lens, and the image is 
curved and distorted. 

In a telescope the object is at wry great distance ; and 
the rays coming from it are incident at the large objechve at a 
very small angle. As the refraction is centrical, there is no 
appreciable spherical aberration. The case of a microscope 
is different. Here the object is very near the objective, and 
subtends a large angle on it. The retraction is excentrical, 
and, therefore, to minimise spherical aberration, the objective 
is made of a large number of appropriate radii of curvature. 

In both the instruments the rays coming from the objective 
form a real image and then fall obliquely on the eye lens, 
as the real image is very near this lens. Here the refraction ^ 
is excentrical and oblique, and a good deal of spherical 
aberration is produced. To minimise spherical and chromatic 
aberrations and increase the field of view an eye-piece, 
consisting of two lenses, of appropriate focal length and radii 
of curvature, and placed at a suitable distance from each other, 
is used. 

For eye-pieces see Q. 68. 

Q. 68. Explain the construction and theory of 
different types of compound eye pieces, and discuss 
their advantages as compared with simple ones. 

[Bombay, 1926) 

Ans. The image formed by the objectives of telescopes 
and microscopes is observed with an eye-piece which magni- 
fies it, as it is of short focal length and the image formed by 
the objective is close to it and subtends a large angle on it. 

If it consists of a single lens, a good deal of spherical 
aberration is introduced, as the refraction of the rays is excen- 
trical, and chromatic aberration is also produced. Moreover, 
the rays passing through its outer parts do not enter the eye 
of the observer, and thus the field of view is narrow A 
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compound eye-piece consists of two convex lenses placed apart. 
The first lens on the objective side is called field-lens, and the 
second lens on the side of the observer is called cye-lens. 
The rays of light passing through the outer parts of the field 
lens are turned by it towards its principal axis and made to 
pass through the middle of the eye-lens. Thus all the rays 
coming from different points of the object enter the eye of the 
observer at the same time and the field of view is increased. 

Spherical aberration is decreased as the deviation is now 
spread over four refracting surfaces, and, therefore, it is 
smaller on each surface than when a single lens is used, it is 
further decreased and minimised by using lenses of appropriate 
radii of curvature and making the deviation at the two 
lenses equal by adjusting the distance between them.- A ray 
of light parallel to the principal axis of the field lens F 
(Fig. 52), of focal length /, is deviated at A through angle ti 


A 



I'ig. 52. 


and converges to C. At B it is again deviated by the eye- 
lens B, of focal length by the same amount and then passes 
through D. As the deviation produced by a lens is equal to 
the distance of the point of incidence from its principal axis 
divided by its focal length, if A^" and BE are equal to /q 
and Ih respectively and EF is equal to d, 


ht li- 

fi ~h " ' ' 

and as triangles AFC and BEC are similar, 
AF = hi BE = hz 

CF=/, “EC=/i-rf 


(1) 

( 2 ) 
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Equating the right sides of (l) and (2), 

ho ho 

h=^f\-d 

d-fx-fz (3) 

The two lenses are of the same, kind of glass, and the 
condition for achromatism is (see Q. 57) that 
/ i +/2 + 2J = 0 

or /i 4 -/ 2 = 2^f (numerically). ... (4) 

Combining this with (3), we get 

/.+y2 = 2(/i-/2) 

•••/> = 3/2 (5) 


Thus the focal length of the field lens should be three times 
the focal length of the eye-lens, and the distance between them 
should be equal to the difference between their focal lengths. 

Huygens’ Eye-piece. The above arrangement is used in 
this eye-piece, and two piano convex lenses are placed with 
their convex faces towards the incident rays (Fig. 53). In the 



absence of the field lens F, rays coming from the objective 
would form the image at A, but this lens deviates them 
towards its principal axis, and the image is formed at B. 
After passing through the eye-lens E, the rays become parallel 
to one another ; therefore, B must be at the first principal 
focus of lens E. 

This eye-piece is called negative, because the image at A 
formed by the objective is on the negative side of the field 
lens F and is not real. Cross-wires or a micrometer scale (in 
the focal plane of the objective) cannot be used in this eye- 
piece, and, therefore, it is not employed in telescopes. No 
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cross-wires can be placed at B for the points of this image do 
not necessarily have the same relative position as the corres- 
. ponding points of the virtual image at A. The cross-wires 
(or scale) between E and F are magnified by lens E only, 
while the image is magnified by lens F also. As greater 
magnification leads to greater distortion, no cross-wires are 
used. 

The rays of different colours for which this eye-piece is 
achromatic suffer equal deviations, and on emerging from the 
eye-lens are parallel to one another, but are not necessarily 
coincident. As the eye treats all parallel rays as coincident, 
this eye-piece is practically achromatic. Moreover, as the 
dispersive power of the two lenses is the same, the eye-piece 
is equally achromatic for all colours. A ray incident on the 
field lens is dispersed — violet being deviated more towards its 
principal axis than red. At the eye-lens red ray is incident at 
a greater distance from its principal axis, and suffers greater 
deviation, than violet, and the two emerge from lens E 
parallel to one another. 

Kellner’s Eye-piece. The two plano-convex lenses are 
of equal focal lengths, placed with their convex faces towards 
the incident light, and each is at the principal focus of the 
other, so that the condition for achromatism is satisfied. The 
objective forms an image at the field lens on the side of the 
objective. The pencils of rays from this image are deviated 
by the field lens towards its principal axis so that pencils of 
rays coming from the different points can simultaneously enter 
the eye of the observer. By using two lenses and spreading 
deviation over four surfaces, spherical aberration is decreased. 
Like a simple magnifying glass, this eye-piece is achromatic 
in the sense that red and violet images subtend the same 
angle on the eye of the observer. Its disadvantage is that 
all smears, scratches, or dust particles on the field lens are 
also visible and the image becomes indistinct. 

Ramsden’s Eye-piece. In this combination the two 
plano-convex lenses are of equal . focal lengths /, and their 
convex faces are towards each other (Fig. 54). For perfect 
achromatism the distance between them should be equal to 
/+/ 

=/; but in this case the field lens would be at the 
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principal focus of the e 5 'e'lens, and this would lead to indis- 
tinctness especially if the field lens is not clean, or has some 
dust particles, smears, or scratches on its surface. As a 
compromise, the distance between the lenses is made equal to 
§/. This introduces some chromatic aberration though the 
image is not indistinct, and to avoid it each lens may be made 
an achromatic doublet. Spherical aberration is minimised by 
a proper selection of the radii of the faces of the lenses. 

The objective forms a real and inverted image at .^. The 
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rays then pass through F and appear to come from the focnl 
plane B of lens E, so that after passing through E they may 
become parallel to one another. Thus the field lens forms a 
virtual image at B of the object (real image) at A. As EF is 


equal to f/, FB is equal to 


/ 


Using lens formula, 


or 

or 


FB FA ■ / 

FA / / / 



Hence the cross-wires should be placed at a distance - in 

4 

front of the field lens. The eye-piece magnifies equally both 
the image at A and the cross-wires or transparent micrometer 
scale placed there, and, therefore, it can be easily focussed 
and there is very little distortion in the image. 
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Q. 69. Calculate the focal length of a Ramsden’s 
and a Huygens' eye-piece. Which one of them is 
junore achromatic ? [Punjab, 1938) 

Ans. See Q. 68 for Ramsden’s and Huygens’ eye-pieces. 
The condition for an achromatic combination of two lenses, of 
the same kind of glass and of focal lengths /i and /j, is that 

the distance between them should be equal to’'-^ In 

2 

Huygen’s ej'e piece this condition is satisfied as the focal 
length of its field lens is three times the focal length / of its 

eye-lens and the distance between them is equal to — ~ — If. 

In Ramsden’s eye-piece the two lenses are of equal focal 
lengths /, but the distance between them is equal to f/ and 
not/, and thus the condition for achromatism is not satisfied. 
Therefore Huygens' eyc-piece is move achromatic than 
Ramsden's. 


^^^ren two lenses of focal lengths /j and /g are separated by 
r'3. distance d, the focal length / of an equivalent lens is given by 

.1.=I.-hA+/L 

/l ft fifz 
f— -^1 A 
/i+/z + d 

where f\ and A are to be given their proper signs. 

[a) Huygen’s Eye-piece. 


Focal length of convex eye lens= — / 

„ „ ,, .. field lens=-3/ 

Distance d between them = 2/ 


Focal length of eye- piece = 


( -/)x(-3/) 

-/-3/+2/ 


2 


(fi) Ramsden’s Eye-piece. 

Fo'cal length of convex eye lens= — / 
„ „ ,, „ field lens= -/ 

Distance d between them=fl/ 
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/. Focal length of eye-piece— ■ - 

-f-ni 
= _ V. 

4 

Q. 70. What are the different types of spectra? 
Explain how they are produced. What are Spectrum 
lines ? How would you deduce the constitution of a 
star from its spectrum ? (Piitijah, 1930) 

Alls. When a substance is heated in a flame, or an electric 
arc is produced between its electrodes, or an electric spark is 
passed through it, its atoms acquire energy by collision with 
the hotter atoms of the flame, or the fast moving ions in the 
electric field or spark, and become excited. Their electrons 
are disturbed and displaced from their normal orbits to the 
outer orbits of greater energ 5 % and when they return to their 
original, or intermediate, orbits, energy is given out in the form 
of radiation. There are three types of spectra : (a) continuous^ 
spectra, (b) band (or fluted; spectra, and (c) line spectra. The 
same substance may give different spectra under different 
conditions. 

Continuous Spectra. When the temperature of a solid 
or a liquid (with few exceptions) is raised, radiant energy 
corresponding to every wave-length is given out. The intensity 
is maximum for some region, which shifts towards violet with 
rise of temperature, and decreases on its two sides. Continuous 
spectra may be produced by both atoms and molecules, but do 
not commonly occur in the case of vapours and gases mildly 
excited at normal or low pressure. High pressure of a gas, or 
high density of a vapour, helps in the emission of continuous 
spectra. 

Discontinuous Spectra. The substance is first obtained 
in the gaseous condition, and then excited by flame, arc, or-s 
spark. Line spectra are produced by atoms, while molecules 
are responsible for band spectra. Fluted or band spectra consist 
of a number of bands, sharp at one end and gradually fading 
off at the other. When examined with a spectrometer of high 
resolving power, each band is found to consist of a large 
number of lines of varying intensities, close together near the 
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sharp end and comparatively far apart near the other- All 
- the three spectra may be found together. Thus in the spectrum 
mf carbon arc lamp, continuous spectrum due to electrodes, 
line spectra due to metallic impurities and band spectra in the 
violet due to nitrogen are found. The characteristic colour of 
the arc is due to the band spectra. 

Line spectra consist of sharp lines. Each element gives its 
own characteristic spectrum lines, whether in combination or 
not, and the wave-length of each line is indcpeudent of 
temperature and chemical composition. The spectrum lines of 
an element can be arranged in series given by definite formulae. 
In the case of atomic hydrogen, one of these series is called 
Balmer series, in which the frequency n of a line is given by 



where R is the Rydberg constant and 1)1—5, 4, 5, 6 for the four 
lines in the visible spectrum. Lines in the ultra-violet region 
are given by Lyman’s series, 

>»=2, 3, 4, 

and Paschen’s series in the infra-red part of the spectrum is 
expressed by 



In a series intensity decreases with decreasing wave-length 
or increasing frequency; the lines converge and become less 
defined. These series show that there is something fundamental 
in the hydrogen atom which is responsible for this radiation. 
For other elements, the formulae are similar but much more 
complex. The spectrum of an ionised atom is different from 
that of the normal atom, and may resemble that of the normal 
atoms of another element. The spectra of the elements of the 
same chemical family are similar, but with increasing atomic 
miotber each line is displaced towards the violet part of the 
spectrum. All this shows that atoms are responsible for the 
line spectra and that they are produced when the outer 
electrons are disturbed. 

See. Q. 72 for absorption spectra. 

Spectrum and Constitution of a Star, When diSerent 
elements are heated ’ to the luminous vapour condition, they 
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give out light of definite frequencies characteristic of each 
element. If continuous spectrum light, emitted by a body at a 
higher temperature, is passed through a vapour, it is robbed of"^ 
lines which the vapour may emit when at a high temperature. 
A star is at a high temperature, and the spectrum of light 
coming from it is crossed by a large number of absorption lines, 
which correspond to the frequencies of light given out when 
different elements are heated to become luminous vapour. 
Therefore the light from the star must have passed through a 
cloud of such vapours in its atmosphere or in the atmosphere 
of the earth. As the atmosphere of the earth contains very 
few elements in the vapour condition, most of the absorbing 
vapours must be present in the star. When its spectrum is 
compared with the spectra emitted by various elements heated 
to luminous vapour condition, it becomes possible to identify 
the elements present in the star, and thus its constitution is 
found out. All the elements that are found on the earth are 
present in the stars also. A new element helium was first 
found in the atmosphere of sun and later on discovered on the 
earth. 

Q. 71. Describe in detail the methods of investigat- 
ing the infra-red and the ultra-violet spectra. 

{Bombay, 1934) 

A ns- Ultra-Violet and Infra-Red Spectra. The visible 
part of the spectrum extends from about 4000 to 7500° Angstrom 
units, its violet and red ends respectively. The region below 
the violet is called ultra-violet and lies between about 136 and 
4000° A.U., while the part of the spectrum comprised be- 
tween 7500 and 400,000° A.U. (or ‘75 — 40/i) is called infra-red. 
Both these parts of the spectrum do not excite the sensation 
of sight, and, therefore, for detecting them other methods are 
employed. As glass is mostly opaque to these radiations, lenses 
and prisms of other materials are used in the spectrometer 
for forming spectrum. For the ultra-violet region, glass is 
opaque below 3000° A.U., quartz is used upto 1900° A.U. , and 
fluorite (calcium fluoride) upto 1200° A.U, Glass is not trans- 
parent beyond Z/jl in the infra-red part. Quartz is used upto 
6'5/q rock salt upto l8/.t, sylvine (potassium chloride) upto 22//, 
and again quartz is used for higher wave-lengths. Quartz pro- 
duces double refraction, but this difficulty is overcome by 
holding together two right-angled 30° prisms, one left-handed 
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and second right-handed, with a thin layer of glycerine between 
them, to form a 60° prism. These prisms and lenses must be 
kept safe from moisture. 

When a blackened thermometer bulb is held in the infra-red 
part of the spectrum, it indicates rise of temperature. This 
shows that the radiation is absorbed by the black surface and 
converted into heat. The instruments used for investigating 
this part of the spectrum are thermopile, radio-micrometer, and 
bolometer. A bolometer consists of two blackened strips of 
platinum, about 1 cm. long, '1 mm, wide, and ‘005 mm. thick, 
connected to form two arms of a Wheatstone bridge. The 
other two resistances of the bridge are adjusted so that the 
galvanometer shows no deflection when the two platinum strips 
are at the same temperature. The galvanometer is very sensi- 
tive, and a ray of light reflected from its mirror, attached to its 
deflecting part, falls on a photographic plate. 

The radiation is made to fall on the narrow slit of a 
collimeter and made parallel by a lens. It is then dispersed 
by a prism, placed with its refracting edge parallel to the slit, 
and focussed by another lens on one strip of the bolometer, the 
other strip being screened. The e.vposed strip of the bolometer 
is parallel to the refracting edge of the prism and the slit. 
Owing to the absorption of radiation and the consequent rise 
of temperature, the resistance of the exposed bolometer wire 
is increased and the equilibrium of the bridge is disturbed ; 
the ray of light reflected from the galvanometer is displaced 
and falls at a different point on the photographic plate. The 
prism is rotated slowly by a clock-work about an axis parallel 
to its refracting edge, so that different parts of the spectrum 
are in turn focussed on the bolometer strip, and the. photo- 
graphic plate is rotated in a perpendicular plane by the same 
clock-work. In this way a curve is produced on the photo- 
graphic plate in which the displacement of the ray of light, 
reflected from the galvanometer is proportional to the energy , 
of the radiation falling on the bolometer strip. 

The ultra-violet rays produce fluorescence in some substances, 
and to detect them a filter paper soaked in quinine sulphate 
solution, slightly acidulated with sulphuric acid, and dried may 
be used. When they fall on a negatively charged zinc plate. 
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electrons are given out, and this photo-electric etiect is 
measured with a quadrant electrometer or some other sensitive 
electroscope. These rays arc particularly active in producing 
chemical action in silver salts, and, therefore, their action on a 
photographic plate is usually used for investigating this part of 
the spectrum. The dispersed radiation is focussed by a lens 
on a specially prepared photographic plate, which is rotated 
along with the prism as in the case of infra-red spectra. As 
some of these rays are absorbed by the atmospheric air to 
some extent, the experiment is usually conducted in vacuum. 

Q. 72. (u) Give a general explanation of Fraun- 
hofer’s lines in the solar spectrum and describe an 
experiment to verify the explanation. 

(5) If the earth were moving rapidly through space, 
what would be the general effect on the spectra of 
stars which it was (/) approaching ; (;/) receding from ? 
Give reasons for your answer. [Bombay, 19a5) 

Alls, (a) Absorption Spectra. \\ hen continuous spec- 
trum light passes through a transparent solid or liquid, or a gas, 
some of the possible emission lines of the substance are 
absorbed, due to absorption of energy. The transmitted light 
is found to consist of some lines or bands which are ilar/; as 
compared xvith the rest of the spectrum. These lines and 
bands are called absorption spectrum and are characteristic of 
the absorbing substance though they change considerably with 
temperature and pressure. .According to Kirchofl’ a substance 
which emits light of definite wave-length when heated absorbs 
selectively light of the same wave-length when cold. The 
absorbing substance also emits its characteristic light, but 
as its temperature is lower than that of the source of 
continuous spectrum light, the intensity of light absorbed by it 
is greater than that of light emitted by it, and, therefore, in the 
transmitted light the intensity of these characteristic lines is 
feeble, and they appear dark, as compared with the unabsorbed 
parts of the spectrum. Nearly all the lines of absorption 
spectra of a substance can be emitted under suitable conditions 
of excitation. The converse is not true, for only those lines 
are absorbed which correspond to the transition from various 
orbits to the normal orbit. 
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The sun is at a very high temperature, and its central 
incandescent mass emits light of continuous spectrum. The 
temperature of its atmosphere is comparatively loiaer, but high 
enough to have substances in the gas condition. The light 
emitted by the central incandescent mass on passing through 
the comparatively colder atmosphere of the sun is robbed of 
light of certain particular wave-lengths characteristic of the 
elements present there. The transmitted light when examined 
with a spectrometer is found to consist of many lines which 
are dark as compared with the rest of the spectrum. These 
absorption lines are called Fraunhofer’s lines, and are due to 
light absorbed selectively by substances present in the 
atmosphere of the sun or the earth. 

Experiment. The light given out by a sodium Hame 
consists of two lines in the yellow part of the spectrum. If a 
solid is heated in an arc lamp to emit light of continuous 
spectrum, and this light is passed through sodium vapour 
(sodium flame of an ordinary burner) at a lower temperature, 
the transmitted light is found to have two lines in the yellow 
part of the spectrum which are darker as compared \\ith the 
rest of the spectrum. These comparatively dark lines are 
exactly in the same position as those given out by a sodium 
flame. 

Doppler’s Principle. When there is no relative motion 
between an observer and a source of light, the rate at which 
any particular spectrum line is received by the observer is the 
same as that at which it is produced by the source. The 
interval between the receiving of two consecutive waves is 
equal to the interval between their production at the source, 
and the frequency of reception is equal to the frequency of 
emission. Any relative motion between them increases or 
decreases the frequency of reception according as the distance 
between them decreases or increases. This is called Doppler’s 
Principle and applies to all kinds of wave motion. 

If the earth approaches a star with a velocity i’, and V is 
the velocity of light in the intervening medium, an observer 
on the earth receives light waves of a particular w'ave-length 
more quickly than if there is no relative motion, 

Frequency of emission = n 
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Wave-length of light emitted — 

Velocity of light with respect to the observer 

= V + z- 


I'requency of reception of light 

_V'elocit 3 ’ of light with respect to the observer 
Wave length of light 

__ (V4- x))» 

v”‘ ‘ 


As the frequency of reception is increased, the spectrum 
line is displaced toivards the violet pari of the spectrum. 


When the earth is receding from the star, the interval 
between the reception of any two consecutive waves is greater 
than if there is no relative motion, and the frequency of 
reception of light waves decreases. In this case the velocity 
of light with respect to the observer is V-i’; the frequency of 

reception is decreased to - > and the spectrum lines are 

displaced towards the red part of the spectrum. 


Q. 73. How is the rectilinear propagation of 
light explained on the wave theory ? Calculate the 
velocity of light in diamond, the refractive index from 
air to diamond being 2'5. {Punjab, 1936) 

Atts. Rectilinear Propagation of Light. According 
to the wave theory, light is propagated as a transverse wave 
motion in the ether. A point source of light gives out 
spherical waves in a homogeneous medium, and each particle 
of ether on being disturbed by a wave acts as a new source 
and gives out secondary waves. After any time the envelope 
of these secondary waves gives the position of the wave 
front at that instant. 


A wave front coming from a very distant point source of 
light is plane. Let ABCD be a part of the plane wave front 
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perpendicular to the plane of paper and going from 


right, and O be a point in the 
plane of paper where the result- 
ant effect of the secondary dis- 
turbances produced by the points 
in this wave front is to be found 
(Fig. 55). Draw OP perpendi- 
cular to the wave front, and let 
this distance be equal to d. 
With O as centre draw spheres 

of radii rf + A, 

where A is the wave-length of 
wave front in circles and divide 
half period zones. 



light. These spheres cut the 
it into a series of rings or 


Outer radius of ;/th zone 


= \/ ”y ) '^/(Aff, 


as A is t’ciy small, and 
Inner radius of /;th zone = 


a 


is negligible. 


d + 


(;;-]) A 


-d- 


= F(m- l)7\d 

Area of /ith zone= ‘Jrj/.Aff— ■«■(«• 
= 'Jr7\d 


l)Arf 


This shows that each half period element has practically 
the same area, and, therefore, each gives out the same 
amount of light energy. All the points in this rvave front 
are in the same phase, but as their distances from O are 
different, the secondary disturbances from them arrive at O 
in different phases. With increase in the distance of the 
outer zones from O, the inclination of the wave front to the 
line joining it with O also increases, and, therefore, the 
disturbances at 0 due to these zones are in descending order 
and almost form an arithmetical progression. 

" The distance of O from the points of the first half period 
element varies from to <f-t- and from the second zone. 
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from (f+ ~ to + As the average path diiTerence between 

any two consecutive half period elements from O is equal to 

the secondary disturbances from them at O are in opposite 

phases, and denoting these by ct\, (ijt resultant dis- 

turbance at O is given by 

A = «i — “<^4+ +f/„ 

= 




J 

If the wave front is large, // is very large, and (t„ is very 
suiall as compared with ai, so that the resultant disturbance 
at O is practically equal to half of the disturbance due to the 
first half period /.one alone, and the intensity of light at O 
is one quarter of the intensity due to the first zone, whose 
area is very small. If an obstacle is placed at P, the 
resullant disturbance at O is equal to half the disturbance 
due to the first exposed zone. As even a small obstacle 
at P covers a I'cry large number of zones, the disturbance 
due to the first exposed zone is almost negligible, and, 
therefore, no light energy is received at O. This result is 
the same as if light travels in straight lines. 

Velocity of light in diamond. The refractive index 
of a medium A rvith respect to a medium B is equal to the 
velocity of light in B divided by the velocity of light in A. 
The refractive index of diamond is 2*5 with respect to 
vacuum. 

Velocity of light in vacuum =3X10*” ems, per sec. 

Refractive index of d'amr’nd= ^ vaccum. 

Velocity of light in diamond. 
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• ii-,. c 1 - I . • j- j Velocity of light in vacuum 

.. Velocity of light in diamond = — ^-r“ 

Kef. index of diamond. 

_ 3X 10'° 

' 2’5 

= 1*2 X 10'° cms, per sec. 

Q. 74, {a) Clearly explain Huygen’s principle and 
deduce the law of refraction from it. What is 
meant by refractive index and how is it related to 
the velocitiesVof light in different media ? 

' {Calcutta, 1935) 

(b) Prove on the wave theory of light that the 
angle of incidence is equal to the angle of reflection. 

(Calcutta, 1930) 

Alts. (a). Huygens’ Principle. According to Huygens 
light consists of transverse waves in the ether. A point 
source of light gives out spherical waves in a homogeneous 
medium, and they travel with a uniform velocity in all 
directions. In any position of the wave front all the ether 
particles in it become new sources of secondary disturbances 
which travel out with velocity V. After a time t these 
secondary disturbances are at a distance Vt from their 
respective centres, and the bounding surface of all these 
secondary wavelets is the wave front at that instant. The 
illumination at any point is due to the combined effect of all 
the secondary disturbances. A ray indicates the direction of 
propagation of light, and at any point it is normal to the 
wave front there. At a great distance from the source, 
the radius of curvature of the rvave is very large, and it is 
practically a plane wave. In this condition the rays are 
parallel to one another. The velocity of light is greater in 
an optically rarer medium than a denser medium, and this 
change in velocity is the cause of refraction of light. 

Refraction of light at a plane surface. XY is a 
section of the plane refracting surface, and AC of the 
plane wave front, both being perpendicular to the plane of 
paper (Fig. 56). The refracting surface separates the upper 
optically rarer medium of refractive index /u from the lower 
denser medium of refractive index i> 2 . The velocity of light 
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in the upper and lower media is equal to and \ . res- 
pectively. When the wave front strikes the refracting 
surface at A, secondary waves are given out from there both 
in the Upper and lower media. For refraction we consider 



Fig. 56. 


the waves in the lower medium only. Similarly, the other 
points of the refracting surface become in turn sources of 
secondary waves when the incident wave front reaches them. In 
this figure the wave front is just incident at B, and a secondary 
wave is just starting from there in the lower medium. 

Had the refracting surface been absent, the wave front 
would have occupied the position BKH, Owing to the 
presence of the refracting surface, the secondary wave from A 
has travelled the distance AF equal to \2t in time t, while the 
incident wave has travelled the distance CB equal to in 
the same time. From B draw a tangent plane touching the 
secondary wave from A at F. 

In the right-angled triangles ABH and ABF, 

AH Vjf V, 

From E draw EG perpendicular on BF. 


EG^EB^EK 
AF AB AH 
EG_AF _ Vz 
EK AH Vi ’ 


from (l) 


or 


EG = 
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But the distance travelled by the secondary wave from E is 
equal to this value of EG, therefore the tangent plane through 
B and F touches the secondary wave from E at G. Similarly, 
it can be proved that all the secondary waves coming from 
points between A and B are touched by this tangent plane, 
that is, BGF is a section of the plane refracted wave front. 
Therefore a plane wave is refracted as a plane wave from a 
plane refracting surface. 


Draw NAN' perpendicular to the refracting surface at A. 
Angle DAN is the angle of incidence, and is equal to the 
opposite angle N'AH. Angle BAH is its complementary 
angle. Angle N'AF is the angle of refraction and ^ BAF is 
its complementary angle. 

AH= AB cos Z BAH = AB sin / 


AF=AB cos Z BAF= AB sin r 

sint AH Vj , , 

-c = 7 - 5 ; =:rf ' from ( 1 ) 

sm ;• AF Yj 

' = Constant. 


Thus the ratio of the sine of the angle of incidence and the 
sine of the angle of refraction is constant and is equal to the 
velocity of light in the first medium divided by the velocity of 
light in the second medium. As already shown the refracted 
ray lies in the same plane as the incident ray and the normal 
at the point of incidence. This constant ratio is called the 
refractive index of the lower medium with respect to the upper 
medium and is equal to m/nn or Vj/Vj. 

Refraction at a plane surface. Let XY be the section 
of a plane reflecting surface and AC that of a plane wave front, 
both being perpendicular to 
the plane of paper (Fig. 57). 

When the wave front strikes 
the reflecting surface at A, 
a secondary wave is given 
out from there. Similarly, 
other points of the reflecting 
surface become in turn 
sources of secondary waves 
when the incident wave 
strikes them. In Fig. 57 the 
upper end C of the wave front is just striking B, and a 



// 

Fig. 57. 
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secondary wave is just starting from there. Had the reflecting 
surface been absent, the wave front would have occupied the 
position HKB. Owing to the presence of the reflecting surface, 
the secondary wave from A has travelled in the upper medium 
a distance equal to AH. • 

With A as centre draw an arc of radius equal to AH, and 
from B draw a tangent plane to touch this at F. The right- 
angled triangles ABC, ABF, and ABH are equal, as CB = AH 
= .\F, and AB is common. If EG is drawn perpendicular on 
FG, in the triangles AFB and AHB, EG is equal to EK, and, 
therefore, the secondary wave given out from E touches the 
tangent plane passing through B and F. Similarly, all the 
secondary waves given out by the reflecting surface touch this 
tangent plane at this instant. Thus a plane wave is reflected 
as a plane wave from a plane reflecting surface. 

/ FAB = Z CBA = Z DAX ■ [ v D.V '1 CB 
Therefore, if AN is the normal at A, the complementary angle 
DAN of Z D.'^X is equal to the complementary angle NAC of 
Z CAB. Thus the angles of incidence and reflection are equal, 
and the incident ray DA, the reflected ray .AF, and the normal 
AN at the point of incidence lie in the same plane. 

Q. 75, Describe and explain clearly how interference 
fringes are formed and derive a formula connecting 
their width with the wave length of the light used. 

Alls. When two sources give out waves simultaneous! 3% 
their combined effect at a point depends on their relative 
phases there, and the distribution of energy due to one is 
disturbed by the other. At some points the two waves arrive 
in phase and strengthen each other, while at some other points 
their effects are opposite. Points at the crests or troughs of 
two waves have the greatest energ3', and points at the prest of 
one and the trough of the other have the least. This redistri- 
bution of energy is called interference. 

The two sources should emit continuously waves of the same 
period and same phase or constant difference of phase, as 
what we observe at a point is the result of billions of waves 
that pass through it. No two parts of the same source give 
out light in the same phase, and much less can this be 
expected from two separate sources. Two coherent sources 
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are obtained by using one source and making a part of light 
travel one path and another part of light some other path. 
Usually both the sources are images of the same source or 
one is the image of the other. Light from the original source 
changes constantly in phase, but as both the parts of light 
suffer the same change of phase their difference of phase 
remains the same. Different parts of a broad source give 
positions of maximum reinforcement at different places, and 
their superposition leads to uniform illumination. To avoid 
this the two sources should be very narrow. 

Light coming from a very narrow slit S passes through two 
parallel and equally narrow slits Si and S 2 and spreads out 



Fig. 58. 

[Fig. 58 («■)]. The first slit Si gives out light between the 
rays 1 and 2, and light from the second slit S 2 is confined 
between rays 3 and 4 in the plane of paper. Light from 
one slit is superposed on the light from the other slit in the 
common region C between rays 2 and 3, after they have 
crossed, and here interference fringes are formed with alternate 
bright and dark bands perpendicular to the plane of paper. 

A screen CP is placed perpendicular to the plane of paper 
and parallel to SjS^ [Fig. 58 (6)]. A is the middle point of 
S 1 S 2 and AC is drawn perpendicular to SiSj and CP. As C is 
equidistant from Si and S^, the waves from the two sources 
arrive there in the same phase, and reinforce each other, so 
'that C is the central bright band. As we move outward from 
C, the distances from Si and Sj become unequal ; the waves 
get out of step, and arrive there with some phase difference. 
At a certain point the path difference is equal to half the 
wave-length A of the monochromatic light used. Flere the 
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waves arrive in opposite phases and darliness is produced. 
This is the first dark band. At an outer point the path 
difference is equal to A so that the waves arrive in phase. 
They completely reinforce each other and the first bright 
band is formed here. 


To find the condition of some other point P, join it with Si, 
S 2 and A, and with P as centre draw arc SiB of radius equal 
to PS]. To obtain the fringes appreciably apart, the sources 
are taken 'eery near each other, and, therefore, SiB is practi- 
cally a straight line. Thus S 1 BS 2 is a right-angled triangle 
and similar to the right-angled triangle .ACP, as the angle 
between SjS^ and SiB is equal to the angle between their 
respective normals AC and .\P. 

• CP^S^ 

■ ■ AP S.S 2 

or CP=: 


SiSz 

, AC 

’SiS; 


XSaB 

XSjB, 


as CP is very small as compared with AC and, therefore, .AC 
is practically equal to AP. P is on a bright band ora dark 
band according as the path difference BS^ is equal to an even 


multiple or odd 
difference is 0 or 77 . 


multiple of — , so that the corresponding phase 


equal to //A or (2/i— I) 


For 

A 


Hth bright or dark band BSi is 


For Hth dark band CP = 
„ „ bright , 

,, “b 1 )st ,, , , 


AC 

S 1 S 2 

AC 

S 1 S 2 

_ Ac 

'SiSv 

. AC 

S1S2 

AC 

■S,S2 


(2H-1);;- 


X ;iA 


(h + 1)A 


-:(H+i)A-HAi 


X A = 


DA, 

d 


Width of a fringe 
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where D and d are equal to AC and SiS^ respectively. Thus 
the width of all the fringes is the same and is directly propor- 
tional to the wave-length 7t and the distance of the screen 
^ from the sources, and inversely proportional to the distance S 1 S 2 
between the sources. 

Q. 76. Describe and explain how interference fringes 
are formed with Fresnel’s mirrors. 

Fresnel’s Mirrors. Two plane glass mirrors OMi and 
OM 2 , either silvered ^ 
on the front surface ^ 
or blackened at the 
back to avoid multi- 
ple reflection, are 
inclined to one an- 
other at an angle 
slightly smaller than 
180“ (Fig. 59). A 
narrow slit S illumi- 
nated by monochro- 
' knatic light is placed 
perpendicular to the plane of paper and parallel to the 
common edge O of the mirrors. Light reflected from the two 
inclined mirrors appears to come from two different virtual 
sources, Si and Sa, and interference bands are seen in the 
region C common to the two reflected beams. The bands 
are hyperbolas which are practically straight at a great 
distance from the sources. By adjusting the angle of incli- 
nation of the mirrors, the distance between the sources and, 
therefore, that between the bands can be adjusted. 

To find the positions of the two virtual sources, draw SSi 
and SS 2 perpendiculars onr OMi- and' OM 3 respectively, and 
take Si and Ss as much behind the corresponding mirrors as 
S is in^.front t)f“ffiem. ..Rays 1 and 2 'are' incident at the 
extremities of OMi, and after reflection appear to come from 
.•the virtual source Si. Similarly, rays 3 and + after reflection 
from the second mirror appear to diverge from the second 
virtual source So. The two reflected beams overlap in the 
common region C between the reflected rays 2 and 3, and 
interference bands are produced. That the bands are due to 
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interference is prov'ed concliisivelj' by the fact that they 
disaf)pctjr when one of tlic mirrors is covered with some 
opaque substance. 

If the very siitall angle between OMi and hl 20 produced, 
and that between their normals SSi and SS. is cttual to 0 
radian, the angle between the rays 2 and 3 reflected at O from 
the two mirrors is equal to lO, and, therefore, SiSj is equal 
to OS X 2d (V OSi - OS. = OS,'. For further treatment see 
Q. 75. 

Q. 77. In an experiment with Fresnel's mirrors the 
fringes were observed with an eye piece fitted with 
crosswires and found to be 0 25 mm. apart. With a 
convex lens of 18‘75 cm. focal length, placed between 
the mirrors and the eyepiece, real images of the 
virtual sources were formed on the crosswires, and 
their distance apart was 0 723 cm. when the lens was 
75 cm. from the crosswires. Find the wave-length of 
light used. 

All,-!. Using the lens formula — ^=4-, where v and u 

V It / 

are respectively the distances of an object and its image from 
a convex lens of focal length /, and putting /= ~ IS'75 cm, 
and ti= — 75 cm., we get 

II t> / 

75 18 75 

_ ] 

75 25 , 

.’. 11=25 cm. 

Distance between virtual sources 25 1 

Distance between their images 

or Distance between virtual sources 


Distance between sources and crosswires 
Width or interference fringes 


75 3 

._ 0'723 
3 

= O'2+l cm. 
= 25 + 75 
= 100 cm. 

= 0‘025 cm. 
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Wave-length of light 

_ Width of fringes X distance betw een sources 
Distance between sources and crosswires 

. 0*025 X0'241 
100 

= 0*00006025 cm. 

Q. 78. Explain the displacement of interference 
fringes when a thin sheet of glass is placed in the path 
of light from one of the two interfering sources, and 
show how this may be used for measuring the refractive 
index of glass. How does this result support the wave 
theory of light? 

Alts. See Q. 75 and Fig. 58 
for the formation of interference 
fringes and the relation s, 

.■r= CP = ^ X SjB, ' /i 

a 

or S 2 B = ^'' •••(!) 

where C is the position of the 

central bright band, SjB is the path difference at P for mono- 
chromatic light of wave-length A coming from Saand Si, and D 
and d are equal to AC and SiSo respectively. The refractive 
index /i of a medium is equal to the ratio of the velocity of 
light in air (better vacuum) to its velocity in that medium, 
that is, in travelling any thickness of that medium light takes 
11 times as much time as it takes in travelling the same 
distance in air. Therefore, a thickness t of the medium is 
eqiiivaletif to a thickness /tf of air. 

On placing a glass sheet of thickness t in the path SiP, the 
actual air path is reduced to SiP — t, and that in glass being 
equivalent to id in air, the total equivalent air path from S, 
to P becomes equal to SiP-t + id, which is greater or smaller 
than BP according as /i is greater or smaller than 1. Thus 
the path SiP is changed by /xf-f=(;i- l)f,and the interference 
fringes are displaced. The central bright band is no longer 
at C. If n is greater than 1, the path of light from S, is 
increased, and it is equal to that from Sj at a point on the P 
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side of C. Otherwise the central band is shifted to the othei 
side. 

Path difference at P = SjP— {SiP+(/i— l)/l 

= S,B+BP-S,P-(/»-l)/ 

= 83 -(/,-!)/ 

= iiX, 

if the 7;th bright band is at P in the final displaced position of 
the bands. 

Or (/i- ])/ + ;7A = SjB=^> (from (1) 

and (/t— 1)/ + >;/\} (2) 

a 

Here .r is the distance of P from C, where the central band is 
formed when there is no glass lamina placed in the path SiP. 
By putting it equal to O in (2), the displacement of the 
central band, that is, its distance .Vo from C is given by 

.•ro=^ (//.- 1)/ (3) 

It is found that the central band is displaced towards P. 
Thus (/i— l) is positive, // is greater than 1, and, therefore, 
llie velocity of light in glass is smaller than in air. This is 
in accordance with, and supports, the wave theory of light 
and disproves the corpuscular theory, which predicts the 
velocity of light in any material medium to be greater than 
in air. 

By this method t or /x can be calculated from the measure- 
ment of other terms in (3). With monochromatic light all 
the fringes are exactly similar ; the central band cannot be 
distinguished from the rest, and its displacement cannot be 
determined. As with white light the central band is white 
and others are coloured, first white light is used to find the 
approximate position of the cental band and then monochro- 
matic light is employed for the accurate determination of its 
position- 

Q. 79. Light from two point sources falls on a 
screen. What are the conditions that interference may 
be produced on the screen ? 
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How will you make use of this principle for finding 
the refractive index of air ? {Punjab, 1929) 

Alls. See Q. 75 for the conditions for interference. 

Monochromatic light from a very narrow slit is passed 
through a convex lens so that the emergent rays run parallel 
to its principal axis. Part 


A 


L 
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S, 


Fig. 61. 

and then are observed with a 


of this light passes through 
a chamber A with glass 
sides and slit Si and the 
rest through a similar 
chamber B and slit S 2 . 

These slits are very 
narrow and are placed 
parallel to S. They are 
the two coherent sources 
which give rise to inter- 
ference fringes on the right, 
micrometer eyepiece. 

First both the chambers are evacuated and the position of 
the interference fringes is observed. Then one of the chambers 
is filled with the gas, whose refractive index is to be measured, 
at a known pressure, and the displacement of the fringes is 
measured. See Q. 78 for the explanation of displacement and 
calculation of the value of refractive index. 

Q. 80. Describe an arrangement for producing 
interference fringes, and explain the method for 
measuring wave-length with it. 

Discuss briefly the phenomenon of interference in 
relation to the law of conservation of energy. 

[Calcutta, 1936) 


Ans. Fresnel’s Biprism. An obtuse-angled prism P, 
which may be supposed to consist of two prisms of very 
small refracting angles placed with their bases together, is 
placed with the two refracting edges parallel to a very narrow 
slit S, from which monochromatic light is coming (Fig. 62). 
Rays 1 and 2 are deflected by the upper prism towards its 
base and after passing through it appear to come from Si. 
Similarly, rays 3 and 4 on emerging from the lower prism 
appear to come from Sj. Thus Si and Sj are the two coherent 



168 


PHYSICS 


Q.80. 


sources, and interference fringes are formed in the region 
common to the two pencils of rays emerging from the two 
prisms. 



As the fringes are very narroxo, a reading microscope hi, 
fitted with a micrometer eyepiece, or having crosswires and 
capable of lateral motion parallel to SjSj, is used and its 
position is adjusted so that the fringes are formed in its focal 
plane F. The distance between a largo number of bands is 
measured and from this the distance between two consecutive 


bright bands is found. 


This distance is equal to 


D\ 


where 


\ is the wave-length of monochromatic light used, D the 
distance of F from S, and d the distance between the two 
coherent sources Sj and S>. See Q. 75 for finding this relation. 


To find the position of F, an upright needle is adjusted in 
front of M so that there is no paralla.x between it and the 
interference bands there. For finding rf, a convex lens, whose 
focal length is less than one-fourth the distance SF, is placed 
between S and F and adjusted, zoiiliotii disturbing the biprism, 
to form real images of Si and S 2 in the focal plane I' 
of the microscope. The distance Ij between these images is 
measured. Then the lens is moved and adjusted in a second 
position to form real images of Sj and Sg in the plane F, If 
the di stance between the images in the second case is I,, then 
d= VliX I 2 , In one case the convex lens forms a magnified 
image and in the other it is diminished, and as the distances of 
object and image from the lens in one case are respectively 
equal to the distances of image and object in the second case, 

= or d= VT^ 2 - 
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Thus knowing D, d, and the breadth of bands, the wave-length 
of light used is calculated. 

Interference and Law of Conservation of Energy. 
Light energy is transferred from one place to another in the 
form of transverse waves in ether, As a wave passes a point, 
the ether particle there is disturbed, and its intensity is propor- 
tional to the square of its displacement. When two coherent 
sources of light send waves over a common region, the 
distribution of energy due to each is distributed by the other, 
and this redisfribuiion of energy is called interference. Where 
the waves from the two sources arrive together in the same 
phase (crest and crest, or trough and trough), the resultant 
displacement is equal to the sum of the two component 
displacements due to the two sources separately, or twice the 
displacement due to either source, and the intensity of light is 
/o?/r ( = 2^) times that which would be produced by either 
source in the absence of the other. These are the positions 
of bright bands. At other places where the crests (or troughs) 
of waves from one source arrive at the same time as the 
troughs’ (or crests) of the other, they are in opposite phase, 
and the resultant displacement and intensity are equal to zero. 
Here dark bands are produced. 

As over any area the number of the bright bands is equal 
to the number of dark bands, the average intensity (light 
energy received per unit area per unit time) is equal to half 
the intensity of bright bands, or twice the intensity produced 
by either source in the absence of the other. Therefore, 
when interference is produced between two sources, the 
amount of light energy received by any area in any time is 
equal to the sum of the energies sent to that area by the two 
sources separately in the same time, and this is in accordance 
with the law of conservation of energy. The light energy 
missing at the dark bands is transferred to the bright bands, 
and there is no increase or decrease in the total amount of 
light energy. 

Q. 81. What do you mean by " interference of 
light”? Explain why we should not expect to get 
interference between two neighbouring independent 
sources or two separate portions of the same source. 
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Fringes are produced by a Fresnel’s biprism in the 
focal plane of a reading microscope which is 100 cm. 
from the slit. A lens inserted between biprism and 
microscope gives two images of the slit in the two 
positions. In one case the two images of the slit are 
4'05 mm. and in the other case 2'90 mm. apart. If 
sodium light (A=5893x lO"® cm.) is used, find the dis- 
tance between the interference bands. {Bombay, 1935) 

Alls, See Q. 75 for interference and the conditions for 
coherent sources. 


Problem. The distance between two consecutive bright 

bands is equal to —r-, where D is the distance of the focal 
a 


plane of the microscope from the slit, d the distance 
between the two coherent sources, and A the wave-length of 
light used. The distance between the sources is equal to the 
square root of the product of the distance between their real 
images formed by the convex lens in the two positions. 


Distance between slit and microscope D 


= 100 cm. 

Distances between images of slits 

= 4’05 and 2'90 mm. 


.’. Distance between slits d 

= V0A05 X '290 cm. 

Wave-length of light used A = 5893X 10”® cm. 

.’. Distance between consecutive bands 


100 X 5893 X IQ-® 
a/0’405 X 0’2^ 


= 0‘0I72 cm. 


Q. 82. Explain the formation of colours in a thin 
film. Show why the colours of a film when viewed 
by reflected and transmitted light are complementary. 

{Punjab, 1931) 

Alts. Colours of Thin Films. Consider a very ihin 
transparent film bounded by opposite sides AB and CD and 
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of an optically denser medium of refractive index /i, placed in 


air (Fig. 63). A wave of 
light coming from a point 
in an extended source and 
moving along EF is inci- 
dent on AB at angle B. 
It is partly reflected along 
FG and the rest is re- 
fracted along FH making 
the angle of refraction </>. 
The refracted wave is 
partly reflected along HI 
and the rest transmitted 



Fig. 63, 


along HL. At I the wave is partly reflected along IM and 
partly transmitted along IK. Again the wave suffers reflec- 
tion and refraction at M. Light is reflected internally many 
times, but each time it becomes fainter, and therefore the 
first few reflections only are of any importance. 


Colours by Reflected Light. When the thickness of the 
film is very small as compared with the wave-length X of light 
used, rays FG and IK are practically coincident and the 
additional distance travelled by IK in the film is negligible. 
Phase of IK is the same as that of the incident light, but FG 
has suffered a sudden reversal of phase on being reflected 
from an optically denser medium, therefore FG and IK differ 
in phase by tt and the film appears dark, that is, no light is 
reflected. 


As the thickness of the film is increased, the path traversed 
by IK in the film becomes appreciable. A part of the incident 
wave reaches I directly and is partly reflected from there. 
These two parts of the same wave proceed from I in slightly 
diflferent directions and are brought to focus by a convex lens 
on a screen or by the eye of the observer. Their phase differ- 
ence there is the same as at I. When the incident wave 
reaches I directly, the position of its wave front in the film is 
obtained by drawing a perpendicular from I on FH. This 
perpendicular makes angle </i with IF, and the distance that 
the wave has travelled in the film is equal to IF sin 4> or 
2f tan <f> sin <f), where i is the thickness of the film. The path 
retardation suffered by IK is the further distance that it 
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traverses in the film before emerging at I and its equivalent 
path retardation in air is obtained by multiplying it by g. 

Path retardation = + 2t tan <l) sin '/■) 

— / _ 2/ sin^ r/< Y 

''\cos </) cos f/. / 

_ _2iif (1 ~sin^ (/)) _ 2 ni cos*' >/ ) 
cos </> cos (j> 

= 2 jif cos 

\Yhen this path retardation is equal to the phase dif- 
ference due to it is equal to , directly reflected light is in 
phase with the light that has suffered one internal reflection, 
and the film appears bright. Similarly, when the retardation 

is equal to A, or an even multiple of the film appears dark, 

while for retardation equal to an odd multiple of ^ it appears 

bright. For light of different colours (different wave-lengths), 
different thicknesses produce this retardation. Other waves 
coming from different points of the extended source of light 
and partly reflected directly from I and partly emerging 
from it after undergoing refraction and reflection in the film 
reach the lens, or the eye of the observer, by slightly 
different paths, but they are all brought to focus at the same 
point as the parts of the first wave considered. If the lens 
L has a small aperture and subtends a very small angle at 
I, the angle of refraction <f> for all the waves received by it 
and the path retardation for all the pairs are practically the 
same, as the film is very thin. If the aperture of the lens 
is not small or the film is not very thin, path retardation 
is not the same for all pairs, and, due to overlapping of 
maxima and minima, uniform illumination is produced. 

If the thickness of the film changes uniformly from one 
end to the other and monochromatic light is incident on it, 
alternate bright and dark bands are seen, bands for blue 
light being shorter than for red right. When white light 
is used, the thin end of the film appears dark, next to it 
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violet” light is reflected, tben blue, green, yellow, orange and 
red. Further on there is overlapping of bands of different 
colours, as their breadths are different, and beyond it there 
is uniform illumination. 

Transmitted Light. The transmitted rays HL and 
MN have experienced no sudden reversal of phase, and, 
therefore, when the film is very thin as compared with A, 
these rays reinforce each other, and the film appears bright. 
Whole of the incident light is transmitted and none is 
reflected, If the thickness of the film is gradually increased 

and the path retardation of MN becomes^ or an odd multiple 

of — > the film appears dark by transmitted light. In this 

case the whole of the incident light is reflected and none is 
transmitted. Similarly, for path retardation equal to an 

even multiple of — > the film appears bright by transmitted 

> . 

light. For light of different wave-lengths this will occour at 
different thicknesses of the films. Thus, when the film appears 
bright by transmitted light, it appears dark by reflected 
light and vice versa. 

If the thickness of the film changes uniformly from one 
end to the other and monochromatic light is used, alternate 
bright and dark bands are seen, blue bands being of shorter 
width than red bands. With white light coloured bands are 
seen, and for a given thickness, light of certain wave-lengths 
is reflected, while the rest of the wave-lengths, which are 
suppressed by interference in the reflected light, are 
transmitted. Colours which are present in the reflected light 
are absent in the transmitted' light, and vice versa, and 
therefore, the colours’of a film when viewed by reflected and 
transmitted light are complementary. 

Q. 83. Explain the formation of colours in thin 
plates. 

A parallel beam of sodium light (A— 5890 x 10“® cm.) 
is incident on a thin glass plate (/x=l'5), such that the 
angle or refraction into the plate is 60°. Calculate 
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the smallest thickness of the plate which will make it 
appear dark by reflection. {Punjab 1933) 

Aiis.SesQ. 82. I'or the formation of colours in thin 
plates. 

Probelm. The path retardation in a plate of thickness 
/ and refractive inde.v /», by one internal reflection is equal 
to 2 / cos </), when 4 , is the angle of refraction in it, and its 
equivalent air path is equal to X 2 1 cos </>. The plate 
appear.? dark by reflected light if this path retardation is 
equal to an even multiple of A, where A is the wave-length 
of light used in air. For the least thickness of plate, the 

path difference should be 2X ^ = A. 

2 //. / cos </) = A 
2x P5X/X 4 = 589 X 10“^cm. 

• ■ 589X IQ- " • 

■■ ' 1-5 

= 3933 X lO-^'cm. 

Q. 84. A vertical soap-film is gradually drained 
away. Explain the Phenomenon when film is seen by 
reflected light. When will it cease to reflect light ? 

{Bombay, 1934) 

Alls, As the film is drained away, it becomes very thin at 
the top, and its thickness increases nnifonnly downward. 
When light is incident on it, a part of it is reflected and the 
rest is refracted. The second part is partly transmitted 
and partly reflected at the back surface of the film and- then 
emerges at the front face. See Q. 82 for the formation of-inter- 
ference bands with monochromatic light and white, light. 
These bands are horizontal as the film is vertical and its 
thickness along a horizontal line is the same. The upper edge 
is very thin as compared with the wave-length of light used 
and appears dark by reflected light. 

When the film becomes very thin throughout as compared 
with the wave-length of light, the path retardation in the film 
is practically equal to zero, the directly reflected and internally 
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reflected waves, being in opposite phase, completely and interfere 
with each other, and no light is reflected, xohatever be the 
wave-length of light used, 

Q. 85. What are Newton’s rings, and how are they 
produced ? How will you determine the wave-length 
of light by measuring the diameters of Newton’s rings ? 
Prove the relation used. {Punjab, 1935) 

Alls. Newton’s Rings. A source of monochromatic 
light is placed at the principal focus of a vertical lens Lj, and 
the raj's of light alter passing through it become parallel to 






its principal axis [Fig. 64 (cr)]. They are then reflected down- 
ward by a glass plate G, held at 45° to the vertical, and fall 
normally on a convex lens L, of large radius of curvature 
of lower face, placed in contact with a horizontal plane glass 
plate P. Light is reflected upward partly from the lower face 
of the leris and partly from the glass plate, that is, at the 
upper and loxver faces of the thin air film formed between 
lens L and plate P, and interference occurs. A ray of light 
incident on the air film is reflected back and forth many times. 
At each reflection some light escapes and the reflected light 
becomes weaker and weaker, so that the first few reflections 
are of any importance. Similarly, some ot the light is transmitted 
through P and interferes with the light reflected downward 
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from llie lower face of the lens. Thus interference fringes 
are formed both by reflected and transmitted light. 

To examine the fringes formed by reflected light, a reading 
microscope M is placed above G and is focussed on the air 
film between L and P. .As the lower surface of lens L is a 
part of a sphere, the thichness of the air film is the same at 
all points equidistant from the point of contact of L and P, 
and, therefore, the fringes are circular rings. I'ig. 6+ {b) is a 
vertical section of this sphere, of radius of curvature R, 
through its centre O, and at a distance r from the point of 
contact D the thickness of the air film is equal to / — CD. 
Prom the geometry of a circle, 

CAXCB=CDXCE 
rXr=f (2R-/) 

= 2/R, 

as / IS very small as compared with R, and (2 R — /) is 
practically equal to 2R, 



i^s the interference fringes are viewed uorinally, the path 
difference for light reflected from the lower face of the lens and 
the upper face of the plate is equal to 2t. The rellection 
from the plate (optically denser) is accompanied by a sudden 
reversal of phase, and as this coresponds to a path difference 

of a bright or dark fringe is formed according as the actual 


path difference 21 is equal to an odd or even multiple of 


. At the point of contact there is practically no actual path 
difference, but due to the sudden reversal of phase of light 
reflected by the plate P, it appears dark by reflected light. 


For first 'bright ring 2/=^ 


,, nth 


„ „ = {2n - 1)^ 

r^ D 2 
~ R~-4R 
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where )•„ and D„ are respectively the radius and diameter of 
the /«th bright ring. 

Diameter D„ of /ith bright ring= 4R(2 h— l) ^ 

= V'2R (2«- 1)A 

and Diameter D(,„t„) of ((M+/;)th bright ring 

= \^2R i2ii! + 2n-l)X 
Wave-length X = ^ 

4K>;; 

The diameters of ())i4-«)th and nth bright rings are 
measured with the travelling microscope and the radius of 
curvature R of the loxaer face of lens L is measured with a 
spherometer. 

Q. 86. An opaque obstacle is held with its sharp 
edge parallel to a narrow illuminated slit and a screen 
is placed on the other side of the obstacle. Explain 
the intensity of illumination of the screen at, within, 
and without the geometrical shadow. 

Alls. Diffraction at an Edge. In Fig. 65 slit S, 
obstacle PQ, and screen CB are all perpendicular to the 
plane of paper, and edge P is parallel to the slit. The slit 
gives out cylindrical waves and their section in the plane of 

' ' C 



paper is circular. RPP' is a part of the wave-front at P. 
Produce line SP to meet the screen at O. Then according 
to geometrical optics, A should be the edge of the shadow 
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cast by the obstacle : the part of the screen below O should 
be dark, and the part above O should be illuminated, so that 
at O there should be an abrupt change from darkness to uniform 
illumination. 

If A is the wave-length of light used, with O as centre draw 

spheres of radii OP + ^> OP HA, OP+”> ’to 

divide the wave-front into half-period zones. See Q. 73 for the 
propagation of light. For O, P is the pole of the wave-front, 
and it receives light energy from only the upper half of the 

wave-front. If 2au 2ai, 2aa, , are the amplitudes of 

disturbances received from the corresponding half-period zones, 
amplitude A of the resultant disturbance at O, as shown in 
Q. 73, is given by 

A—ai — ai + ax — at-h +a„ 

rTi I a, I 

~ 2 ^ 2 

= 21 . 

2 ’ 

In the absence of the obstacle, the disturbance at O would 
have been due to the whole of the wave-front, and the amplitude 
of the resultant disturbance would have been equal to 

2X —aj. As the intensity of illumination is proportional to the 

square of the amplitude of disturbance, tlie intensity of illumi- 
nation at O is one quarter of the intensity produced there in 
the absence of the obstacle. 

For a point B below O, its pole.P' is below P. The 
obstacle intercepts not only the lower half of the wave-front 
but also some zones of the upper half. B receives light 
energy from only the remaining exposed part of the upper 
half, and the amplitude of the resultant disturbance is 
practically equal to half the amplitude of the disturbance from 
the first exposed zone. As we go below O, more of the zones 
of the upper half of the wave-front are intercepted, and as the 
disturbance from any zone is smaller than that from an inner 
zone, the intensity of illumination decreases gradually. AVhen 
.the first few powerful inner zones are cut off, the intensity is 
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reduced to zero, as the disturbances from the remaining 
exposed zone cancel out each other. Thus inside the geometri- 
cal shadow the intensity of illumination decreases rapidly but 
gradually. 

A point outside the geometrical shadow has its pole above 
P. It receives light energy not only from the whole of the 
upper half of the wave-front but also from a part of the lower 
half. While the amplitude of the resultant disturbance from 


the upper half is fixed and is equal to the amplitude of 

the resultant disturbance from the exposed part of the lower 
half, and, therefore, due to the whole of the exposed wave-front, 
is iiiaxiiiiuin or minimum according as the number of half- 
period zones in the exposed part of the lower half is odd or 
even. At a point Oi, for which the pole of the wave-front is 
P:, the first half-period zone of the lower half is exposed. 
Amplitude Aj of the resultant disturbance is given by 

, 3 ( 7 , 

illumination Ii here, 


Ai = 


-b<7i = 

and intensity of illumination L here, is proportional to 
This is nine times the intensity I at O. 

At Os, two zones of the lower half are exposed, and 


A2 = ^--f 

As (Ts is slightly less than ai. As and L are slightly greater 
than their corresponding values A and I at O, but much 
smaller than their values at Oi. 

At O3, three zones of the lower half are exposed, and 


As — ^ + ai — fTs 'h fTs 


1 + 


fTs 




a^ 


is slightly smaller than A3 is smaller than A,, but 
much greater than As and A, and Lis proportional to 
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At O4, four zones of the lower half are exposed. 


Aj — ~+ai — a--+a-: 


■(Ti 


3 < 7 i _ laj_ 

■z" 1 



3 ^ 7 , < 7 ... Gi 

) J '/ 


fTl 


As fTs is slightly greater than at, A, and I, are slightly fircafer 
than Ao and L. respectively but smaller than their corresponding 
values at Oj. 


Similarly, at O3, when five zones of the lower half are 
exposed, 


Aj— ^' + 77i~fr2+rr.i~(7i + (7.-, 




Again A; and Ij are smaller than .Y-, and lo respectively, as a^ is 
smaller than a^, but greater than their corresponding values 
A4 and I4 at O4. 

Thus outside the geometrical shadow there are maxima and 
minima of light intensity, that is, alternate bright and dark 
(comparatively) bands are produced parallel to the edge of the 
obstacle. As we go out of O, the intensity of the maxima 
decreases and that of the minima increases and after a certain 
stage uniform illumination is produced. These changes of 
intensity are shown in p'ig. 66, where ordinates represent the 
intensity of illumination and abscissae 
the position on the screen. Within O 
intensity decreases rapidly but gra- 
dually without any changes of maxima 
and minima. The first band at Oi is 
the brightest. The line through N 
gives the intensity of illumination in 
the absence of the obstacle. The 
Oj width of the bands goes on decreasing 

I'ig- 66. outward, the first being the broadest. 
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With white ligrht coloured bands are obtained, and blue bands 
are less wide than red bands. 

Q. 87. In Q. 86 explain the formation of fringes 
when the obstacle is {a) broad, {b) very narrow. 

Ans. (a) See Q. 86 for the changes of intensity of light at, 
within, and without the geometrical shadows of the tsvo edges. In 
the Fig. 67, AB is the 
geometrical shadow 
cast bj' the obstacle 
PQ. The bands on the 
outside of A are due 
to edge P alone, 
that is, due to the part 
of the wave-front above 
P, as due to obliquity 
the effect of the wave-front below Q is negligible. Similarly, 
the bands on the outside of B are due to edge Q alone. Inten- 
sity decreases rapidly and regularly within A and B, and the 
rest of the geometrical shadow is The breadth of the 

diffraction bands \s independent of the breadth of the obstacle. 

(6) Very Narrow Obstacle. When the breadth of the 
obstacle is extremely small (fine wire) as compared with its dis- 
tance from the screen, light bending into the geometrical shadow 
from the two sides is superposed on the screen, and bands are 
produced inside the geometrical shadow due to interference 
between the wavelets coming from the immediate neighbour- 
hood of the edges P and Q. A point C is bright or dark 
according as the difference between the distances PC and QC 
is an even ox odd multiple of //rr// the wave-length of light used. 
These bands, unlike the diffraction bands, are narrow, of 
equal width, and almost equidistant, and their width is inversely 
proportional to the width of the obstacle. (See Q. 75.) With 
an extremely narrow obstacle, these interference bands may 
spread out of the geometrical shadow. 

Q. 88. What is diffraction of light ? Explain the for- 
mation of diffraction pattern when a monochromatic 
beam of light passes through a narrow rectangular 
aperture. {Punjab, 1936) 
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Alls. Diffraction. Y'hon waves pass tliroiigli an open- 
ing, sideways spreading takes place, and its magnitude depends 
on the size of the opening and the wave length of the waves. 
It occurs only if the opening is very small. The smaller the 
opening, for a given wave-length, the greater is the sideways 
spreading, and vice versa, but the size of the opening is to be 
taken relative to the wave-length of the waves. I'or light 
waves the opening has to be very small and then the 
propagation of light is not according to the laws of geometrical 
optics, that is, its propagation is not strictly rectilinear. This 
sideways spreading of light at an edge, obstacle, or opening is 
called diffraction and the phenomenon is observed when 
part of a wave is intercepted by an obstacle. 


Narrow Rectangular Aperture. A very fine slit S, 
giving out monochromatic light, a rectangular aperture QR, 

and screen AB are per- 
pendicular to the plane 
of paper (Fig. 68). The 
C aperture is parallel to 
the slit, and a line passing 
through S and the 
middle point P of the 
aperture is perpendicular 
to the screen and 
meets it at C. The waves given out by the slit are cylindrical 
and the circular section of one of them at the aperture is shown 
in Fig. 68. The variation of the intensity of illumination of 
the screen depends on the size of the aperture and ^’arious 
cases arise according to its width. 



1. When the aperture is not very narrow and contains 
many half- period zones with respect to a point on the screen, 
its edges R and Q behave like two separate edges indepen- 
dent of one another. See Q. 86. The intensity of illumina- 
tion decreases gradually and rapidly within each shadow, 
W'hile just outside A and B diffraction bands are formed 
parallel to the aperture. They are unequal in width and 
the broadest are next to A and B. There is no variation 
of intensity near C. 


2. When the aperture RQ comprises /ew half- period zones, 
point C, equidistant from R and Q, has ma.vimuni or 
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minimum intensity according as the number of zones with 
respect to it is odd or even. If the screen is brought 
forward, the number of zones in RQ increases, and the 
intensity at C undergoes these changes of maxima and 
minima. 


{a) If the number of zones with respect to C is odd, say 3, 
it has maximum intensity, and if the displacements at C due 
to these zones are 2au Za^, Za^, the resultant displacement 
is equal to 


Z{ai — ai + afi — zi^f-^^ =fri + o',, 


(maximum) 


For a point above C the pole of the wave-front is above P and 
there may be 2 exposed zones in the upper part of the wave- 
front and 4 in the lower, and the resultant displacement is 
given by 

0 \ — Gi-f ay — a^-f a^— a^= a^— Ui (minimum) 


At a higher point 1 zone from the upper and 5 zones from the 
lower part of the wave-front are exposed. 

Displacement =ai-\-a\ — az-\-a-i— a^-^-a^ 

= (maximum) 

For A the pole of the w-ave-front is at R and 6 zones of its 
lower part alone are exposed. 

Displacement =ai— az-fati—a' + a^— a^ 


Hi _ ■ 

2 2 

Similarly, part CB is crossed by alternate 
bands. 


... (minimum) 
bright and dark 


The pole of the wave-front with respect to a point E, within 
the geometrical shadow, is below Q. It receives light energy 
from the zones of only the upper half of the wave, and the 
intensity of illumination at it is maximum or minimum 
according as the aperture comprises odd or even number of 
zones with respect to it, that is, ER — EQ is equal to («4-i)X 
or nX, where it is an integer and 7\ is the wave-length of light 
used. These bands are narrower than those in AB, .and their 
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intensity decreases as their distance from llic cdf,'o of the 
geometrical shadow increases until there is uniform darlmcss. 

{b} If the number of half-period zones with respect to C is 
ci'cii, its intensity is iiiitiitinnii. As in the last case, it is 
surrounded by alternate lic'ht and dark bands. 

3. If the aperture comprises one, nr less than one, 
half-period zone with respect to C, it is nlicnys hripjit, 
and there are no bands in .All. But for a [Joint in the 
geometrical shadow within A or 13 the number of zones in 
the slit may be more than one, and it is on a maximum or 
minimum according as the number of these zones is odd or 
even. 

Q. 89. Explain the rectilinear propnt^ation of light 
from the point of view of the wave theory. 

Describe and c.vplain tlie shadows formed on a 
screen by an opaque circular disc when placed in the 
path of rays of a point source of monochromatic light. 

{Bonthny, 1920) 

Alts. Rectilinear Propagation. See Q. 73. 

Shadow of a Disc. Let S be a point source of monochro- 
matic light, of wave-length 7\, in the plane of paper, RPQ 
a section of a very small opaque disc and ACB of a screen, 
both held perpendicular to the plane of paper, so that line 
SP is perpendicular to them, passes through the centre of 
the disc, and meets the screen at C (Fig. 69). Then P is 



A 

C 

B 


Fig. 69. 

the pole of the spherical wave-front at P with respect to C. 

V ^ \ 

AVith C as centre and radii equal to CP+-, CP + A, CP + — , 

— 2 

draw spheres to divide the wave-front into 
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half-period zones. According to geometrical optics, there 
should be complete darkness in the shadow AB cast by the 
disc, but the wave theory of light leads to a different result. 

The illumination at C is due to the resultant effect of all 
these half-period zones. As proved in Q. 73, when many 
zones are exposed, the resultant displacement at any point is 
equal to half ihe displacement produced there by the wavelets 
from the/?rst exposed zone. If the disc covers the first zone, 
the resultant displacement at C is equal to half the displace- 
ment from the second zone, and this is practically the same as 
that from the first zone, because the displacements from 
successive outer zones are in only slightly decreasing order. 
Similarly, if the first two zones are hidden by the disc, the 
displacement at C is due to the rest of the exposed zones 
and is equal to half the displacement from the third zone. 
This again is only slightly smaller than when the first zone 
is intercepted. Thus when the disc is very small and covers 
the first /eiy half-period zones, the centre of its geometrical 
shadow is always bright and its intensity of illumination is 
approximately the same as if the disc were absent. 

If the screen is brought near the disc, distance CP decreases, 
and the number of half-period zones, with respect to C, hidden 
by the disc increases. As the displacement from any zone is 
'weaker than that from an inner zone, the intensity of illumina- 
tion of C decreases, but it does not undergo changes of 
maxima and minima. 

While for a point on the axis of the disc, the w'avelets from 
all the points on the boundary of the disc are always in phase 
and, therefore, reinforce each other, this is not the case for 
other points on the screen. To find the condition of any 
point it is considered as the centre for dividing the wave 
front into half-period zones, and the resultant effect of all the 
exposed zones is found. The bright spot at C is surrounded 
by alternate bright and dark circular bands with their centre 
at C. 

Q. 90. Explain the diffraction pattern produced 
when plane waves of light after passing through an 
aperture are focussed by a convex lens on a screen. 
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Alls. A rectangular aperture .\B, convex lens L and screen 
QR are held perpendicular to the plane of paper, and the 
principal axis LP of the lens is perpendicular to the aperture 
and screen (Fig. 70). I^lane waves (parallel rays) coming 




Fig. 70. 


from a point of distant object are incident normally on the 
aperture, and are focussed on the screen placed in the focal 
plane of the lens. 

According to geometrical optics, if the lens is free from 
spherical and chromatic aberrations, a bright image with sharp 
edges should be formed on the screen. Its size should depend 
on the size of the object and the relative positions of the 
screen and object with respect to the lens but should be 
independent of the size of the aperture or lens. This follows 
from the strict rectilinear propagation of light, but as 
according to the wave theory there should be a slight 
bending, a sharply defined image is not obtained. 

A light wave is propagated by reinforcement.and interference 
of wavelets from all the points of its wave front. A convex 
lens changes the paths of these wavelets, and its focus is the 
space where all the wavelets reinforce each other and beyond 
it interfere. All the points in the aperture AB give out 
wavelets in different directions, and all the rays in the satne 
direction are focussed on the screen at the same point. All 
the rays parallel to LP (principal axis) are brought together 
bj' L at P (principal focus) in the same phase. They reinforce 
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each other at P, and, therefore, the intensitj' of light there 
is inaxiimtm. 

Similarly, all the rays parallel to A’G are brought to focus at 
M, but here the disturbances from different points of AB are 
not in the same phase. A line AEH drawn perpendicular to 
AG is a section of the wave-front in this direction, and the 
phase difference at M between disturbances from any two 
points of AB is the same as that in the wave-front AEH, 
because all the disturbances from AEH take the same time 
to reach M. 


This phase difference is due to the different distances that 
the disturbances from AB travel before reaching AEH. If 
BH is equal to wave-length A of light used, phase difference 
between the disturbances from A and B is equal to 2-. Again, 

if C is the middle of .AB, CE is equal to phase difference 


between the disturbances from A and C is equal to -, and 
these disturbances cancel out each other. As C divides the 
aperture into two halvas, the disturbances from all the points 
in one half are in opposite phase to the disturbances from 
the cot-responding points in the other half, and, therefore, 
the resultant effect at M is minimum. If CEL makes angle 
0 radian with LP, the angle between AB and AH is also 
equal to B, and the first minimum occurs at M, so that 


or 


BH=AB sin e = \ 
^“AB LM’ 


(1) 

( 2 ) 


as 0 is very small. 


Again, if CE is equal to A, the disturbances from 
all the points of one-half are reinforced by those from 
the corresponding points of the second-half and maxi- 
mum intensity is obtained. In general, a point has mini- 
mum intensity when BH is equal to an integral multiple 
of A, and its intensity is maximum when this path difference 

is equal to an odd multiple of Thus, instead of a sharp 

image, xoe get a bright central band at P surrounded on 
each side by narrow alternate maxima and minima. The 
central band is very bright and most prominent, and the inten- 
sity of the succeeding maxima falls off rapidly. N is the first 
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rninimum on the other side of P, and MN is the width of the 
central band. 

9 X LM X A. 

Width of central band = 2xPM= rrr (3) 

AB 

These changes of intensity are represented by the intensity 
curve on the right of Fig. 70. 

With a circular aperture, advanced mathematical analysis 
shows that 

AB 

A bright disc at the centre is surrounded by alternate circular 
maxima and minima, and the diameter of the central disc is 
1*21 X/\x LP 

equal to ' ^ poiiii object gives rise 

to a central disc of ftitile she, hut the size of this diffraction 
disc depends on the size of the aperture, or the aperture of 
the lens used, and is inversely proportional to it. 

Q. 91. Explain clearly the distinction between the 
resolving and magnifying powers of a telescope, and 
find the conditions that the images of two very near 
points of an object may be seen as separate. 

Ans, Resolving Power. See Q. 90 for diffraction 
through a circular aperture. The waves of light received by 



B 

Fig. 71. 


a telescope objective from a very distant object are plane. 
The objective O of a telescope forms the image of a distant 
object in its principal focal plane at F (Fig. 71). According to 
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geometrical optics, when the objective is free from spherical 
and chromatic aberrations, a point object gives rise to a point 
image ; the image of an extended object has sharp edges, and 
its size does not depend on the aperture of the objective. 

The ring supporting the lens (the lens itself) serves as a 
circular aperture, and each point of an object gives rise to a 
diffraction pattern in the focal plane of the objective, with a 
central bright disc surrounded by alternate circular maxima and 
minima, that is, the image of a point of the object is not a 
point but of Unite size. These different diffraction patterns 
overlap, and two of them can be just distinguished, that is, 
the corresponding points in the object can be just observed as 
separate, when the central maximum of one falls on the first 
minimum of the other. 

The central maximum of the diffraction pattern of a point 
of the object on the principal axis of the object is formed at 
its principal focus F. Maxima and minima occur in the focal 
plane FM, and any point is on a maximum or minimum 
according as the difference of its distances from B and A is an 
odd or even multiple of half the wave-length \ of light used, 
for then the aperture contains for that point odd or even 
number of half-period elements respectively. 

With M as centre draw an arc of radius MA, cutting MB 
in C. For M to be the first minimum, BC should be equal 

to2X^ = /\. (M should be very close to F in Fig. 71.) Let • 

the aperture and focal length of the objective be equal to D 
and / respectively, and let the distance of the first minimum 
at M be x from F. Then, 

MF_BC 
OF AB 

X ^ 

or y D 
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In Fig. 72, the intensity of the diffraction pattern of the 
image of point P is shown. If the central maximum of the 
diffraction pattern of the image of point Q 
falls at M, that is, on the first minimum 
of the diffraction pattern of P, the two 
diffraction patterns can be just distin- 
guished from each ether. The angle W 
subtended by the two points P and Q on 
the objective is equal to the angle sub- 
tended by their images (central maxima) 
on it. This is the angular limit of reso- 
lution of the telescope, and its value is 

equal to ^ or More rigorous treat- 
ment shows that the niiniiiiuni angular 
separation which two point objects must 
have so that they can be just distinguished 

1 ’22 A 

from each other is equal to - j^- -. The 

resohniig power of a telescope is equal to 
the reciprocal of this expression. 

Distinction between Resolving 

and Magnifying Powers. The resolving 
power of a telescope is its ability to 
form separate images of two neighbouring 
F'g- ^2. point objects. As showm above, the im- 

ages of two point objects are just seen as 
separate if the central maximum of the diffraction pattern of 
one falls on the first minimum of the other. The greater the 
aperture of the objective and the smaller its focal length and 
wave-length of light used, the smaller is the diameter of the 
central diffraction disc, that is, the sharper are the diffraction 
bands and more rapidly do they fade off, and, therefore, smaller 
is the angular separation Sff at rvhich the two point objects 
can be seen as distinct from each other. 

The magnifying power of a telescope is the ratio of the angle 
subtended by the image of an object, as seen with it, on the 
observer to the angle subtended by the object directly, and 
is equal to the focal length of its objective divided by the focal 
length of its eyepiece. For seeing distinctly two neighbouring 
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points of the image formed by the objective they should 
subtend a certain luinimum angle on the eye of the observer, 
or for seeing them distinct at a given distance, there should be 
a certain minimum distance between them. 

By increasing the focal length of the objecti\-e, the distance 
between the images of two neighbouring points of the object 
is increased, and the angle subtended by them on the observer 
becomes greater. But the central diffraction discs of the two 
images are also increased, and unless the aperture of the objec- 
tive is increased to make those discs narrow, the two points 
may not be seen as separate. Therefore this increase in 
magnification is of no use. 

Thus the resolving power of a telescope, as distinct from 
its magnifying power, refers to its ability to reveal the details 
of an object. It tells us not only how far the centres of the 



Fig. 73. 


diffraction discs of two points are from each other, but also 
how narrow they are and thus can be seen as separate. The 
resolving power of one telescope may be greater than that 
of another though the magnifying power of the first may be 
equal to, or even smaller than, that of the second. In Fig, 73, 
the distance between the centres of the two diffraction discs, 
P and Q, is the same in the two cases, but in (o) the discs are 
narrower than in [b). Thus while the magnifying power is 
the same in the two cases, the resolving power in the first 
case is greater than in the second case. 

Q. 92. Explain the action of a diffraction grating. 
Deduce the formula which connects the wave-length 
of the diffracted light, its deviation, and the grating 
constant. {Punjab, 1935) 
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Alls. Plane Transmission Diffraction Grating. It 
consists of a glass plate having thousands of cquidislani parallel 
lines ruled on it with a diamond point, the width of spacings 



I'ig. 74. 

being fT and that of the rulings equal to b (Fig. 74). Plane 
light waves (parallel rays) of wave-length \ fall normally on it 
from the left. The rulings reflect back the incident light and 
do not transmit it, while the spacings, which serve as slits, 
transmit light, and it is brought to focus in the focal plane of 
a convex lens L, whose principal axis LP is along the 
normal to the grating. 

Each slit would produce its own diffraction pattern, but 
interference occurs between the diffracted waves from the 
different slits, and very sharp and bright maxima are 
observed at points where all of them reinforce each other. 
By increasing the number of slits, the maxima become 
sharper, more intense, and wider apart. All the rays going 
parallel to the principal axis of the lens arrive in the same 
phase at P and reinforce each other, so that the central 
bright band is formed there. 

Other rays moving parallel to AH are focussed by the 
lens at Pj. If AEFG is drawn perpendicular to AH, it 
represents a section of the wave-front at A in this direction, 
and the phase difference between different rays at Pi is the 
same as in this wave-front because all the rays reach Pi from 
this wave-front in the same time. This phase difference is 
diie to, and can be calculated from, the path difference 
between the rays reaching AEFG from the grating ABCD. 
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If AH makes angle 6 with LP, angle between ABCD and 
AliFG is also equal to 0. A and C are the corresponding 
points of two consecutive slits, and so are B and D. 

BE = fr sin 9 
CF = (tr + 6) sin 9 
DG=(2rt + Z)) sin 9 
DG — BF = rt sin 0 = CF 

Similarly, the path difference for rays from any other pair of 
corresponding points in consecutive slits is the same. 
Therefore all the rays completely reinforce each other if 
(fl’ + 6) sin 9=nX, where n is an integer, and (<7 + 6) is called 
grating constant. For the central band n is equal to zero. 
As(fr + 6) is very small, 9 is large and increases with n. 
With white light coloured spectra are obtained, red being more 
deviated than blue, but the central band is white as here no 
colour suffers any deviation. The order of a spectrum is given 
by 11 , the central being of zero order. 


In a direction making a very small angle with LP, the 
' path difference for the rays from the extreme (first and last) 
slits may be A, so that the path difference for rays from the 

corresponding points of two consecutive slits is equal to ^ 


where N is the total number of slits. If the grating is 
considered to be divided into two halves, the wavelets from 
the corresponding slits of the two halves are in opposite 


phase (path difference 


and cancel out each other, so 


that the maxima are very sharp and are separated by com- 
paratively large dark spaces. 

At an outer point the path difference for rays from the 

3A 

extreme slits is equal to If the grating is considered 


'to be divided into three equal parts, the wavelets from the 
corresponding slits of two consecutive parts cancel out each 
other. The wavelets from the slits of the third parts also 
are not in phase, but they do not cancel out completely and a 
■§}ight intensity is produced. Thus, like the lateral alternate 
'm^tma and minima in the case of a single aperture, there 
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are many small stihsuhtjyy ma.\inia and minima between tbe 
principal maxima of a grating. The first subsidiary 
minimum after the central maximum occurs at Q. On the 
right a curve shows the relation between intensity at a point 
and its position on the screen. 

Q, 93. Mention the different methods for deter- 
mining the wave-length of light, and give an account 
of the one you consider the most accurate, 

(P. U. 1938) 

Alls. The wave-length of light can be measured with (a) 
spectrometer and prism, (h) Newton’s rings, (c) Fresnel’s 
biprism, and (rf) diffraction grating. Of these the last method 
is the most accurate. 

Diffraction Grating. The slit of a spectrometer is made 
narrow and vertical and placed in front of a source of 
monochromatic light. The collimator and telescope of the 
spectrometer are adjusted for parallel light and the position 
of the telescope for viewing the slit directly is noted. 
plane diffraction grating is mounted with its ruled surface 
over the centre of the table and rulings up and down, and 
perpendicular to the lines joining two of the levelling screws. 
The levelling screws are adjusted until the height of the image 
of the slit formed by reflection, and not diffraction, from either 
of the two faces is the same as when seen directly in the 
telescope. In this way the faces of the grating are made 
vertical. 

Next the telescope is fixed at right angles to the collimator, 
and the spectrometer table is turned until the image of the 
slit is seen reflected from the grating surface. In this position 
the plane of the grating makes an angle of 45° with the 
incident and reflected rays. By turning the table through 45° 
in the right direction, the grating is set perpendicular to the 
incident rays. 

Next the ruling of the grating are to be set parallel to thp 
vertical axis about which the telescope turns. For this the 
third screw in the plane of the grating is adjusted so that the 
top of all the images is at the same height above the 
horizontal cross-wire of the telescope. Finally, the slit is 
made very narrow and turned until a diffracted image is as 
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sharp as possible. In this position the slit is parallel to the 
lines of the grating. 

Then the source of light whose wave-length is to be 
measured is placed in front of the slit. The telescope is set 
to get the positions of a line in the first order spectra on 
either side of the central band. Half the difference between 
these two positions gives the angle of diffraction 6 for that line. 
Observations are repeated with 2nd order spectra, and so on. 
If g is the grating constant, that is, the distance between the 
corresponding points of two consecutive slits, and n the order 
of spectrum, 

g sin O—tt'K 

■» g sin 6> 

or A= 

11 

The value of g is given by the manufacturer, or is found by 
counting the number of lii7es per unit length with the help of 
a powerful microscope. 

Q. 94. Show that, when using a diffraction grating, 
the visible spectra of order higher than the first over- 
lap (4 X 10“^ cm. < A > 76 X 10“'’cm.) and that a grating 
with 14000 lines to the inch cannot give a spectrum 
of the 4th order. [Bombay, 1933) 

Ans. In a diffraction grating the relation between the 
grating constant (rt- + l7), wave-length A, angle of diffraction 0, 
and order of spectrum n is given by 

(rt+6)sin0=«A (l) 

In this problem the shortest (violet) and longest (red) wave- 
length of light used is equal to 4x lO'^cm. and 7"6 X 10~^ cm. 
respectively. If 0i and 9i, Oz and 9z, 9s and 9^, and 9^ 
and 84' are the corresponding angles of diffraction in the 
first, second, third, and fourth order of spectra respectively, 
then putting the values of A in (l). 


(a + b) sin 6 'i = 1X4X 10 ~= 

[a + b) sin0i' = lX7'6x1O“^ 
a V 1 n-5 


or 

. : 4X10"' 

(a + 6) ’ 

.... ( 2 ) 

and 

. 7'6XiO-= 

. • • . (3) 
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The sine of the angle of diffraction in any higher order 
spectrum is equal to the product of the order of the spectrum 
and the sine of the corresponding angle of diOfraction in the first 
order of spectrum. Therefore. 


sin 02= 
sin 02 = 


8X IQ- ^ 

(a + h) 
15‘2X IQ-^ 
{a+b) 


sin Os — 
sin Os' = 


12.x 10-^ 

(fi + h) 
22'SX IQ- ^^ 
(o + h) 


sin 0i = 
sin = 


16X IQ-^ '' 
ici + b) 
30'4X IQ-^ 
{a + b) 


As all these angles are acute and sin 62 is greater than sin 0,i, 
therefore the angle of diffraction 62' for the red part of the 
second order spectrum is greater than the angle of diffraction 
0s for the violet part of the third spectrum, that is, the second 
and third order spectra partly overlap. Again 0s is greater 
than Oi. Thus only the first order spectrum is free from 
overlapping. 

Number of lines= 14,000 per inch. 

14000 

= -_^^per cm. 


.'. Grating constant = 
sin 04 = 


2'54 

14000 

16 X IQ-^X 14000 

2-54 


and 


= 0'8819 


sin 6i — 


30’4X 10~^X 14000 
2'54 


= r676 

From the sine tables 04 is found to be equal to 61° 54'. As 
the sine of an angle cannot be greater than 1, angle 0'j can 
not e.xist, that is, excepting a small part of the spectrum on 
the violet side, no light is diffracted in the fourth order 
spectrum. 


Q. 95. Execute a detailed comparison between the 
s^pectra produced by a prism and a diffraction grating. 
Show that it is only the latter that can be used for 
the determination of the absolute value of the wave- 
length of monochromatic light. {Bombay, 1928) 
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Alts. Comparison of Prismatic and Grating Spectra. 

1. A prism gives only onespectrum, while a grating gives one 
or more spectra on each side of the central band. 

2. The deviation produced by a prism in light of any wave- 
length depends on its nature and refracting angle and the 
wave-length of light used, whereas that produced by a grating, 
while depending on the wave-length and the grating constant 
g, is independent of the grating material. If 6 is the angle of 
diffraction for the nth order spectrum, 



g sin 6=nX 

or 

ScosO.--,, 

or 

dO _ 11 

dX g cos 0 


This term — is called dispersive power and indicates the 
a A 

change of angle of diffraction with wave-length. Its value 
'‘shows that it increases with the order of spectrum, and by 
making g half, that is, by doubling the number of lines per 
unit length, the width of any part of the spectrum is doubled. 

For this reason the spectrum, of a given source of light, 
produced by one grating is exactly similar to that obtained 
with any other grating, the only difference being the length of 
the spectrum, which depends on the grating constant. The 
relative dispersion (separation) between two wave-lengths 
produced by one prism in any part of the spectrum is not the 
same as that produced by a prism of some other material ; 
while in some cases even the order of colours is not the same. 
Thus the prismatic spectra are not necessarily similar and 
regular. 

3. In a grating the sine of the angle of deviation (diffraction) 
for any kind of light is proportional to its wave-length, but in 
a prism light of greater wave-length is usually less deviated 
' than light of shorter wave-length. 

The diffraction grating gives us the most accurate method 
for measuring the absolute wave-length of any part of the 
spectrum, the relation being 


g sin Q=nX 



198 


PHYSICS 


Q. 96. 


This requires the determination of 0, which can be measured 
very accurately, and the value of g which is given by the 
manufacturer. The interference method involves the measure- 
ment of very small quantities, such as, width of bands and the 
distance between the images of the coherent sources. As these 
measurements cannot be carried out with extreme accuracy, 
the interference method is inferior to the grating method. 

Q. 96. What is meant by the resolving power of a 
diffraction grating ? Derive the expression for it. 

(Punjab, 1933) 

Alls. The resolving power of a diffraction grating is its 
capacity to separate two neighbouring lines in the spectrum. 
The light of each wave-length forms a separate diffraction 
pattern of the slit. If these diffraction patterns are close 
together, they overlap, and the closer tliey are, the more 
difficult it is to see them as separate. They can be just 
distinguished as separate, in any order of the spectrum, if the 
principal maximum of one falls on the first subsidiary minimum 
of the other. If two wave-lengths A and A + SA can be just 

distinguished in a given order of the spectrum, then is called 

oA 

the resolving power of the grating for that order of the spectrum. 

Consider a diffraction grating of N total number of spaces. 



Fig. 75. 

between A and B, and grating constant g producing nth order 
principal maximum for wave-length A in the direction BD, at 
angle d to the normal BC to the grating (Fig. 75). From A 
draw AD perpendicular on BD. Then BD is the path 
difference for the rays coming from the first and last slits in 
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this direction, and its length I is given by 

^ = (N — 1) g sin 0= (N — 1) «A., . . . . (l) 

as the path difference for rays from the corresponding points 
of two consecutive slits is equal to nk. 

In the direction BE, making a slightly greater angle 0+S0 
with BC, the path difference BE between the rays coming in 
this direction from the first and last slits is increased by k, and 
is equal to i + A. 


If the grating is considered to be divided into two halves, 
the path difference for the ra 3 's coming in the direction BE 
from the corresponding slits of the two halves is greater than 


their path difference in the direction BD by 


A 

2 ' 


As they 


reinforce each other in the direction BD, they are in opposite 
phase in the direction BE and, therefore, completely cancel 
out each other. Thus the first subsidiary minimutn for the 
nth order occurs in the direction BE, making angle (0 + 50) 
with the normal to the grating. 

If light of wave length A+SA has its principal ma.ximum 
of the nth order in the direction BE of the first subsidiary 
minimum for A, the two wave-lengths can be just distinguished 
from each other in this /rth order spectrum. Evidently for 
this the path difference for rays of wave-length A -PSA coming 
from the first and last slits is equal to BE, and its value I -PA 
is given by 

/-PA=(N-l)g sin(fl-PS0) = (N-l)//(A-PSA) (2) 

Subtracting (1) from the corresponding sides of (2), we get 
A=(N-1 )h.8A 

or SA“ TTc TV 

(N— 1)« 

A 

Nn ’ 

as N is very large and (N — 1} « is practically equal to N«. 
Therefore, if two wave-lengths .of nearly the same value A 
are to be distinguished in the nth order spectrum of a 
diffraction grating of N total number of lines, the difference 

between them should be at least equal to 

Nn 
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Resolving 


power=“ = N?z 

oA 


This shows that, for a given order of spectrum, the resolving 
power is proportional to the total number of grating elements 
used and not their closeness or grating constant g. With 
increase in N, the bands become sharper and fade off more 
rapidly. 

Q 97. The waves of light are said to be transverse. . 
What is the evidence for it ? [Punjab, 1931) 

Ana. Longitudinal and Transverse waves. In a 
longitudinal wave the vibrations of the particles are along the 
direction of its propagation, and its properties in all planes 
passing through its line of propagation are the same On 
the other hand, a transverse wave consists of vibrations 
pei'pendicidar to its line of propagation. These vibrations 
may take place in any plane passing through the line of 
propagation, and some properties of the wave may depend on 
the direction of this plane. If the vibrations are confined 
to a single plane, its properties in a perpendicular plane 
p.tssing through the line of propagation may be quite 
different from those in the plane in which vibrations take 
place. That light consists of transverse waves is proved by 
the following experiment. 

Tourmaline Plate. When a beam of light falls on a 
thin tourmaline crystal, txvo beams emerge from it in different 
directions. Jf the thickness of the crystal is., more_than. 
1 mm., one of these beams is absorbed by it and only one 
emergent beam is. formed. 

Two tourmaline plates are cut with their faces conttuning 
the optic axis, and are held parallel to one another. A light 
beam incident on one, and transmitted by it, is transmitted 
fttUy by the second plate only if the axes of the two plates 
are parallel to one another. On rotating the two plates 
together about the beam of light, the intensity of the beam 
transmitted by the second plate remains unchanged. 

When only one of the plates is rotated, the intensity of 
the beam transmitted by the second is reduced, and no light 
is transmitted when the axes of the two plates are perpendi- 
cular to each. If in this position the two plates are rotated 
together, with their axes remaining perpendicular, no final 
beam of light is formed. On further rotating one of the 



Q. 98. 


LIGHT 


201 


plates, so that the axis of one is inclined to that of the other 
at an angle other than 90°, some light is transmitted from the 
second plate. Its intensity increases as this angle is increased, 
and becomes niaximuin when the angle is 180°, that is, the 
two axes again become parallel to one another. Any further 
rotation of the plate results in the decrease of the intensity 
of the transmitted beam. 

This shows that light transmitted by the first plate differs 
from ordinary light, because it is fully transmitted by the 
second plate only if the axis of the second plate is in a 
particular direction perpendicular to the direction of 
propagation of light. This is not possible in the case of 
longitudinal waves, and, therefore, light consists of transverse 
waves. Ordinary light consists of vibrations in all directions 
perpendicular to its line of propagation, and a tourmaline plate 
transmits vibrations in one particular direction only, related 
to the direction of its axis, and the components of other 
vibrations in that direction. When the axis of the second 
plate is perpendicular to that of the first, the vibrations 
.transmitted by the first plate have no component in this 
direction of the second plate, and, therefore, no light is 
transmitted by it. ' 

Q. 98. Distinguish clearly between ordinary and 
polarised light. Explain how light is polarised by 
reflection and how it can be detected. State Brewster’s 
law and find a relation between the polarising angle 
and the refractive index of the reflecting plate. 

A Hs. Ordinary and Polarised Light. Light consists of 
transverse waves in the ether. The vibrations of the ether 
particles in a transverse wave are perpendicular to its direction 
of propagation, and, unlike a longitudinal wave, whose properties 
with respect to any plane passing through its line of 
propagation are the same, its properties may be different in 
different planes, because the vibrations may take place in any 
one of these planes. Transverse waves in which vibrations 
■are confined to any particular direction are not symmetrical, 
and exhibit properties related to, and depending on, that 
direction. This depending of certain properties on direction is 
called polarity, and such waves are said to be polarised. 

The vibrations are of a fixed type, and light waves exhibit 
different properties in different directions at right angles to 
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The vibrations perpendicular to the plane of incidence are 
always parallel to the reilertiiiR surface, and are relltcled for 
all angles of incidence. The vibrations in ilic plai:e of 
incidence are inclined to the reflecting surface, and their 
degree of inclination and the amount reflected cliange with 
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the angle of incidence. At the polarising angle, all vibrations 
which are not parallel to the reflecting surface are transmitted 
^together with some vibrations parallel to the surface, while 
'the rest of the vibrations parallel to the reflecting surface are 
reflected. 

If a tourma line _ crystal is placed with its axis in the 
difeHiotTof the reflected ray and rotated, light is extinguished 
in a certain position of the crystal. If now this crystal is 
placed with its axis parallel to BD, it has to be turned through 
90° to decrease the intensity of the transmitted light to a 
minimum. Thus the reflected light is completely plane 
polarised, while the transmitted light is partly plane polarised. 
The reflected light is said to be polarised in the plane of 
incidence, that is, its vibrations are perpendicular to this 
plane. 

The polarisation of the reflected light can also be tested 
with another plate of the same material. If this second plate 
is placed to receive reflected light, and its plane of incidence 
is set perpendicular to that of the first, the vibrations in the 
incident ray on the second plate are only in its plane of 
incidence, and, therefore, no light is reflected from its surface 
at the polarising angle. In other positions of its plane of 
incidence or for a different angle of incidence, some light is 
reflected. 

Brewster’s Law. Brewster found from experiment that 
at the polarising angle the reflected and refracted rays are 
perpendicular to one another. In Fig. 76, according to this 
experimental law ZCBD is equal to 90°. Therefore, if NBM 
is the normal at B, the angle of incidence i ( = ZNBA=ZNBC) 
is the complementary of the angle of refraction r (=ZMBD). 

f=(90°-r) 
cos f = cos (90° — r) 

= sin r 

But sin sin r, 

where /i is the refractive index of the plate. 

sin i= ft sin r — ii cos i 
sin i . ' 

or M= ;=tani 

cos i 

Thus the tangent of the polarising angle is equal to the 
refractive index of the plate. 
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Q. 99. (n) Describe the phenomenon of double 
refraction, and discuss its connection with the polari- 
sation of light. 

Explain the ordinary and the extraordinary rays in 
a crystal and the construction of a Nicot’s prism, 

(Pnnjnb, 193f) 

(b) A thin tourmaline crystal allows only a single 
polarised beam to pass through it and so docs a Nicol. 
Is the action in the two eases similar ? (Punjab, 1931) 

Ans. (a) Double Refraction. Icel.nul spar is a ferm 
of crystallised calciuni carlionatc. ll.s crystals are rliotnb.'-', 
the si.x faces bein^ parallelograms of angles 11)2 and 7S 

neatly (Fig. 77). At 
two opposite corners 
A :uul 11, only tlic 
angles of all the three 
faces meeting there 
arc obtuse, whereas 
at other corners the 
angle of one face is 
obtn.‘-c and of the 
other two acnlc. ,‘\ 
line equally inclined 
to the three edges 
meeting at .\ or H is 
called the o/)tfc axis 
of the crystal. It is a dircclion and not a particular line, 
and the crj'stal is syoiitnctrial about it. A plane containing 
the optic axis and perpendicular to two opposite faces of the 
crj'stal is called a principal plane of these faces. 

When a luminous point is looked at through such a crystal, 
its two images are seen. One of these is called ordinary 
image and is formed in the normal expected position, while 
the other is called extraordinary, as it is formed by rays 
which do not necessarily follow the ordinary laws, of 
refraction. It is generally formed away from the expected 
position even for normal incidence. If the crystal is rotated 
about the incident beam of light, the ordinary 'image remains 
stationary, but the extraordinary image revolves round the 
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ordinary image, the line joining the two remaining parallel to 
the shorter diagonal of the emerging face. 

If another crystal is placed, with its principal plane parallel 
'to that of the first, to receive the two emergent beams of light, 
the two images are more widely separated, the ordinary and 
extraordinary rays from the first giving rise to ordinary and 
extraordinary rays respectively. On rotating the second 
cr 3 'stal about the incident light, /ottr images are seen. The 
ordinary ray O from the first gives rise to an ordinary ray 00' 
and an extraordinary ray OE'. Similarly, the extraordinary 
ray E from the first crystal is divided into an ordinary ray 
EO' and an extraordinary ray EE'. Not only OE' and EE' 
rotate about 00' and EO' respectively, but all the four images 
change in intensity. The intensity of 00' and EE' decreases 
while that of OE' and EO' increases. 

When one crystal has been turned through 45°, all the four 
images are equally bright. At 90°, OE' and EO' alone are 
visible. These changes in the intensity of the four images are 
shown in the following table : — 

0° 90° 180° 270° 360° 

00' Maximum 0 Maximum 0 Maximum 

OE' 0 Maximum 0 Maximum 0 

EO' 0 Maximum 0 Maximum 0 

EE* Maximum 0 Maximum 0 Maximum 

When only one crystal is used and rotated, the two images 
O and E are, and remain throughout, of the same intensity. 

Nicol’s Prism. See Q. 100. 

(6) A Tourmaline crystal also produces double refraction, and 
snlits a beam of ordinary light into two separate ordinary and 
extraordinary beams. If its thickness is more than 1 mm., the 
ordinary beam is absorbed by it and the extraordinary beam 
alone emerges. Thus there is no need of any special device, 
as in the case of Nicol, for getting rid of the ordinary beam. 

Q, 100, Describe the function and the principle 
of construction of a Nicol Prism. If a similar prism 
were prepared from quartz, would it serve a similar 
purpose ? If not, discuss what modifications would 
be necessary. {Bombay, 1929) 
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Alts. NicoPs Prism. A rhomb of Iceland spar is 
cut into two halves by a plane AC pcrfictitiicnltir to the 
principal plane of faces AB and CD and passinf^ through its 
opposite corners A and C containing thrcc^ 
obtuse angles, and the faces AB and CD 
are cut so that the plane .‘\C makes an 
angle of 22^ with the edges A I") and CB 
(Fig. 76). The cut faces are polished, and 
the two halves are cemented together by 
a thin layer of Canada balsahi. 

A ray of light on entering the face .XB 
is divided into an ordinary ra\’ O and an 
extraordinary ray F, and thtjy travel with 
(iiffcrcut velocities, the velocity of tlie 
ordinary ray being smaller than that of 
the extraordinary ray. The velocity of 
light in Canada balsam lies bcticccft the 
velocities of the ordinary and extraordinary 
waves in calcite, so that Canada balsam 
is optically rarer for the ordinary ray and 
denserforthe extraordinary ray than calcite.'^ 
Therefore if the plane AC is suitably 
Fig. 78. inclined to make the angle of incidence 

of the ordinary ray on it greater than the critical angle for the 
two media, the ordinary ray suffers total internal reflection and 
is absorbed by the tube containing the Nicol. The extraordinary' 
ray proceeds from an optically rarer to a denser medium and 
its angle of incidence is smaller than that of the ordinary ray, 
so that it does not suffer total internal reflection. It is thus 
isolated, and plane polarised light is obtained. 

When used for obtaining polarised light, the Nicol is called 
a polariser. It may also be used as an analyse^ to find out if 
light is plane polarised, and if so, in what plane. 'I'he 
transmitted beam (extraordinary) is polarised perpendicular to 
the principal plane of the prism, that is, its vibrations are in 
this plane, and, therefore, a Nicol doss not transmit vibrations 
perpendicular to its principal plane. If a second Nicol is held" 
next to the first, rvith their principal planes parallel, light 
transmitted by the first is freely transmitted by the second. 
On rotating the second Nicol, the intensity of light transmitted 
by it decreases, and when the principal planes of the two are 
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perpendicular to each other, no light is transmitted, for then 
the extraordinary of the first becomes ordinary for the second 
and suffers total internal reflection in the second Nicol. There- 
fore, if light is incident on a Nicol, and on rotating it about 
the incident light as axis, the transmitted light is completely 
cut oil, the incident light must be plane polarised in the 
principal plane of the Nicol in this position, because then 
only the ordinary beam alone is formed in it, and this is 
completely reflected and absorbed by it. 

When the incident light is not polarised, its vibrations take 
place in all directions perpendicular to its direction of propaga- 
tion, and their resultant rectangular components in any two 
directions are equal. If a Nicol is rotated about such a beam 
of light, the intensity of the transmitted beam remains the 
same and about half of that of the incident beam. With 
partially polarised light, the intensity of the transmitted beam 
changes, but it is extinguished in no position. 

Quartz also produces double refraction, but the velocity of 
the ordinary ray in it, unlike calcite, is greater than that of the 
extraordinary ray, I’he velocity of light in Canada balsam is 
greater than that of the ordinary and extraordinary rays in 
quartz, that is, this cement is optically rarer than calcite for 
both the ordinary and extraordinary rays. Therefore, if a 
Nicol of quartz is prepared with Canada balsam, both the rays 
may suffer total internal reflection or both may be transmitted. 

In order that a quartz crystal may be used as a Nicol prism, 
Canada balsam should be replaced by another transparent 
cement whose refractive index lies between the refractive 
indices of quartx for the ordinary and extraordinary rays. As 
in quartz the velocity of the ordinary ray is greater than that 
of the extraordinary ray, the latter alone can suffer total 
internal reflection, and the transmitted beam is ordinary, that 
is, it is plane polarised in the principal plane of the crystal. 

•Q. 101. Explain and show by means of Huygen’s 
construction the directions of refracted rays in uniaxal 
crystals for cases: — 

(<r) Optic axis parallel to the face of the crystal and 
perpendicular to the plane of incidence, 

(6) Optic axis parallel to the face of the crystal and 
also parallel to the plane of incidence, 
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(c) Optic axis inclined to the face of the crystal and 
in the plane of incidence. [Bombay, 1935) 

Alls. Huygens’ Construction. In the case of double , 
refraction each point of the refracting surface becomes a centre 
of ixvo secondary wavelets as the incident wave sweeps over it. 
The ordinary wavelet travels with the same velocity in all 
directions in the refracting medium and is spherical. The 
e.xtraordinary wavelet travels along the optic a.vis with the 
same velocity as the ordinary, because a ray of light incident 
iionnally on a crystal along its optic axis is iiol separated into 
two rays and the two emerge without any phase difference, but 
in other directions its velocity is different, the difference being 
the greatest for directions perpendicular to the optic axis. 
This wavelet is an ellipsoid with its major or minor axis along 
the optic axis of the crystal according as the velocity of the 
extraordinary ray is smaller or greater than the velocity of the 
ordinary ray in directions other than the optic axis. 

[a) Optic axis parallel to the refracting surface and 

perpendicular to the 
plane of incidence. In 
Fig. 79, AB is tlie trace 
of the incident plane wave 
front and AC of the face 
of a uniaxal negative 
crystal, both being per- 
pendicular to the plane of 
the paper. Here the 
velocity of the extraordi- 
nary ray is greater than 
that of the ordinary. The 
extraordinary ellipsoid may be considered to be generated by 
revolving an ellipse about the optic axis as its minor axis, and 
its section in a plane perpendicular to this axis is a circle. 
As in this case the optic axis is parallel to the face of the 
crystal and perpendicular to the plane of incidence, the section 
of the extraordinary wavelet in this plane is a circle, that is, 
the extraordinary ray has the same velocity in alt directions 
in the plane of incidence. 

When the incident wave front reaches A, it becomes a 
source of two wavelets. To find the position of these wavelets 
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in the plane of paper when the incident wave-front reaches C, 

Be BC 

draw two circles of radii AO and AE equal to — - and — 

/'t> /V- 

respectively, where no and /«,. are the refractive indices of the 
crystal for the corresponding rays. 

From C draw tangent planes to meet these wavelets in 0 
and E. Then CO and CE are the traces of the ordinary and 
extraordinary wave-fronts, and AO and AEare the correspond- 
ing rays. In this case the extraordinary ray obeys both the laws 
of refraction. 

(6) Optic axis parallel to the refracting surface and 
the plane of incidence. In 
this case the optic axis is parallel 
to AC, and, therefore, the ordi- 
nary spherical wavelet and the 
extraordinary ellipsoidal wavelet 
touch each other in the refracting 
surface (P'ig. SO). The section of 
''the spherical wavelet is circular, 
while that of the ellipsoid is 
part of an ellipse in the plane of 
paper. Both the ordinary and 
extraordinary rays, AO and AE, 
lie in the plane of incidence and 
•their position is found as in the last case. 

■ ‘(c) Optic axis inclined to the refracting face and in 

the plane of incidence. 
In this case the optic axis 
at A is along AX and the 
ordinary spherical wavelet 
and the extraordinary ellipso- 
idal wavelet touch each 
other in the plane of paper 
at X (Fig. 81). The section 
of the spherical wavelet is a 
serrii-circle while that of the 
ellipsoid is a part of an 
As in the first two cases, 
both the ordinary and extraordinary rays, AO and AE, lie in 
the plane of paper, and their position is found by drawing 
tangents CO and CE to the circle and ellipse respectively. 



Fig. SI. 

ellipse in the plane of paper. 
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Q. 102. A thin pencil of plane polarised light is 
allowed to be incident normally on a calcite plate 
cut parallel to the optic axis. Explain what is observed 
when the plate is rotated about the pencil of light as 
axis. {Calcutta, 1935) 


Ans. Let ABCD be the 



section of the calcite plate held 
perpendicular to the plane of 
paper, FG be the thin beam of 
light incident normally on AB, 
and let this light be polarised 
in the plane of paper, that is, 
its vibrations are perpendicular 
to the plane of paper. The optic 
a.vis of the plate is parallel to 
the refracting faces. On rotating 
the plate about FG, its optic 
axis remains throughout per- 
pendicular to FG but becomes 
inclined at different angles to 
line AB and the plane of 
incidence. 


When the optic axis is along AB, the principal plane of the 
plate coincides with the plane of incidence. The incident 
light is polarised in the principal plane of the plate and passes 
out of it as an ordinary beam, the intensity of the transmitted 
beam being the same as that of the incident beam, if no light 
is observed by the plate. 


On rotating the plate about the incident beam FG as axis, 
the optic axis becomes inclined to line AB, say, at an angle 6. 
The principal plane of the plate now makes angle 6 with the 
plahe of polarisation of the incident light and (90° — 6) with the 
vibrations in the incident beam. If a is the amplitude of the 
incident vibrations, its rectangular components- in and perpendi- 
cular to the principal plane are equal to a cos (90°— 0) and 
a sin (90° - Q) respectively. 

The calcite plate is capable of transmitting vibrations either 
as ordinary or as extraordinary rays. The ordinary ray is 
polarised in the principal plane and its vibrations are perpendi- 
cular to this plane, while the extraordinary ray is polarised 
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perpendicular to the principal plane and i(s vibrations take 
place in this plane. 

Amplitude of ordinary vibrations = (T sin (90°— 6*) 

= a cos 0 

„ „ extraordinary „ = i7 cos (90° — (?) 

= a sin 9 

Intensity of ordinary beam o‘cos'0 
„ ,, extraordinary „ cc a"sin'0. 

Thus on rotating the plate from its initial position, the 
single incident beam is divided into two refracted beams, 
ordinary 0 and extraordinary E. As the incident light falls 
normally on the plate and perpendicular to its optic axis, 
the two beams travel along the same line GH. The second 
refracting face of the plate being parallel to the first, no 
deviation is produced at H, and the emergent beam is in line 
with FGH. But the two refracted beams travel with 
different velocities, in the plate ; the extraordinary beam 
travels faster than the ordinary, and this introduces phase 
difference, which depends on its thickness and the velocities 
of the two rays in it. On emerging from the plate, the two 
rectangular vibrations have different amplitudes and some 
phase difference, and they recombine into a single vibration. 

On increasing angle 6, the intensity of the ordinary beam 
decreases while that of the extraordinary beam increases, 
but the sum of their intensities remains the same and equal 
to that of the incident beam {a"s\a^0 + a^cos^6 = a^}. Thus the 
transmitted beam remains equally bright throughout. 

When the principal plane of the plate is inclined at 45° 
to the plane of polarisation of the incident light, the amplitudes 
of the ordinary and extraordinary beam are equal. On 
emerging they combine to give elliptically polarised light, the 
axes of the ellipse being inclined at 45° to the directions of 
the component vibrations. Tw-o particular cases of this are 
circularly polarised and plane polarised light when the phase 

difierence is equal to an integral multiple of ^ and 0 res- 

pectively. 
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When 0 is equal to 90^ the \ibrations of the incident beam 
lie in the principal plane of the calcite plate and have no 
component perpendicular to this plane. In this case the 
refracted ray in the plate is extraordinary only and emerRCS 
as plane polarised with its plane of polarisation ptuallcl to 
that of the incident beam. 

For W between 90° and l.s('°, l.sn° and 270°, and 27(P and 
360"^, ordinary and extraordinary \ihrations are formed in the 
plate. At 180° and 3'i0'' only ordinary beam is formed, while 
at 270° extraordinary beam alone is produced, and in all these 
three cases the transmitted li;;ht is plane polarised- 

Q. 103. Describe a method of obtaining clliptically 
polarised light. How will you distinguish experi- 
mentally between clliptically polarised light and a 
mixture of plane polarised and unpolarised light? 

(Punjab, 793S) 

Ans. ElHptically Polarised Light. A narrow beam of 
plane polarised light is made to fall nonnally on a plate of 
calcite cut with its optic axis parallel to its refracting faces. 
When the principal plane of the plate is inclined at an angle 0 
to the plane of polarisation of the incident light and a is the 
amplitude of the incident vibrations, the incident beam is 
divided into rectangular vibrations of ordinary and extraordinary 
beams with amplitudes equal to a cos 6 and a sin 0 respectively. 

When 6 is equal to 45°, the amplitudes of the ordinary and 
extraordinary vibrations are equal. The two travel along 
the same line, that is, the normal in the plate at the point 
of incidence, but with different velocities, and, therefore, 
emerge from the plate with some phase difference, which 
depends on the thickness of the plate and its refractive indices 
for the two beams. On emerging from the plate, the two 
rectangular vibrations combine into a single elliptical vibration, 
whose major and minor axes are inclined at 45° to the directions 
of the component vibrations. 

In Fig. 83, the two rectangular simple harmonic motions 
are taking place along ACE and FCI and the positions of the 
executing particles are denoted for one-eight of the time-period 
of each. If the vibration along ACE is ahead of the other 
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vibration by the position of the first at B from left to right 

occurs at the moment when 
the second is passing through 
C and is going towards F, 
and the resultant position is 
given by B. Similarly, K 
and L are the resultant 
positions obtained from A 
and G upward, and F and B 
from right to left. Other re- 
sultant positions are obtained 
in the same manner, and we 
get the ellipse. This is called 
elliptically polarised light. 

It may also be supposed to 
be due to two rectangular F'g- S3, 

vibrations of tiucqual amplitudes along its major and minor 
axes with a phase difference of 7r/2. 

Experimental Detection. When elliptically polarised 
light is passed through a Nicol prism, its intensity changes 
from a minimum to a maximum when the Nicol is rotated. It 
is never reduced to zero, and thus it resembles a mixture of 
plane polarised and ordinary unpolarised light. 

A plate of a doubly refracting material cut with its refracting 
faces containing its optic axis is called a quarter wave plate, if 
its thickness is such that it produces a phase difference of 7r/2 (or 
an odd multiple of 7r/2) between the ordinary and extraordinary 
rays passing through it along a normal to its faces. If the 
elliptically polarised light is passed through such a plate with 
its optic axis parallel to the major or minor axis of the 
incident elliptical vibrations, the phase difference between its 
rectangular components along its two axes is further changed 
by ~l2 and made equal to an integral multiple of tt. With this 
new phase difference, the two rectangular components on 
emerging from the quarter wave plate combine together to give 
rectilinear vibrations, that is, the transmitted light is plane 
polarised. When this light is examined with a Nicol, its inten- 
sity changes from maximum to zero in its crossed positions. 
A mixture of plane polarised and unpolarised light after being 
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passed through a quarter wa\e plate is uol completely stopped 
in any position of the Nicol. 

Q. 104. Distinguish between plane polarised and 
circularly polarised light. Describe how circularly, 
polarised light is produced and how it can be experi- 
mentally distinguished from plane polarised light. 

Alls. Light consists of transverse waves in the ether whose 
particles vibrate perpendicul.ir to the direction of propagation 
of the waves. In the ordinary light these vibrations tahe place 
successively in all directions, but they follow each other so 
quickly that they appear to be executed simultaneously. When 
the vibrations take place in any particular direction, light is 
said to be polarised. It is called plane polarised or circularly 
polarised according as the vibrations take place parallel *0 a 
straight line or in circular orbits. 

Production and Detection. See Q. 1 03. When the thick- 
ness of the calcite plate is such that the phase difference 
between the two equal rectangular components (ordinary and 
extraordinary) is equal tor 2 (or odd multiple of r 2), the resultant 
elliptical motion becomes circular. Conversely a circular vibra- 
tion may be resolved into two linear simple harmonic vibrations 
of equal amplitudes and phase difference r 2 in any two per- 
pendicular directions. 

If circularly polarised light is passed through a Nicol prism 
and the latter is rotated, no change is produced in the intensity 
of the transmitted light. On rotating the Nicol, the intensity 
of one rectangular component in any direction decreases while 
that of the other increases and their sum remains the same. 
In this way circularly polarised light behaves like unpolarised 
light, and the two cannot be distinguished with a Nicol alone. 

If circularly polarised light is passed through a quarter wave 
plate, a further phase difference of nil (or odd multiple of nil) 
is produced between the two rectangular components, and their 
resultant phase difference becomes equal to an integral 
multiple of ~. With this //ew’ phase difference the two rectangular 
components give plane polarised light. Therefore if circularly 
polarised light is first passed through a quarter wave plate and 
then through a Nicol, the intensity of the transmitted light 
changes from maximum to zero in two crossed positions of the 



Q, 105, 


LIGHT 


215 


Nicol. No such change is produced by the quarter wave 
plate in the case of unpolarised light. 

^ Q. 105. Describe the phenomenon of rotatory 
polarization. Explain in full the main parts of some 
form of instrument for measuring the strength of sugar 
solution by means of this property, {Punjab, 1935) 

An$. Rotatory Polarisation. In Fig. 84, a beam of 
plane polarised light obtained from a polarising Nicol PN is 


P/i AN 



A B 


Fig. 84. 

passed through a glass tube AB containing water and then 
falls on another Nicol AN which serves the purpose of an 
analyser. Light is transmitted completely or stopped altogether 
according as the principal plane of AN is parallel or perpendi- 
cular to the principal plane of PN. . 

^ Placing the two Nicols in crossed positions, tube AB is 
emptied and then filled with a sugar solution. It is found that 
now some light is transmitted by AN although its principal plane 
is perpendicular to that of PN, and for stopping light com- 
pletely, AN has to be rotated through a certain definite angle. 
This shows that plane polorised light on being passed through 
a sugar solution still remains plane polarised but its plane of 
polarisation on leaving AB is different from that on enter- 
ing it. 

Thus the sugar solution has rotated the plane of polarisation 
of the light incident on it through the same angle as that 
through which AN has to be rotated to stop light. Such 
substances are called optically active. Some produce clock- 
wise rotation and some anti-clockwise rotation when looking 
towards the source of light. The amount of rotation that they 
produce depends on their nature and concentration, length of the 
^tube, wave-length of light used, and temperature. For a given 
wave-length of light and at a given temperature, the specific 
rotation S of an optically active substance is given by 



where 0 is the angle of rotation, I the length of its column 
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traversed in dccimcit c and D its density. I'or a solution, H 
is its concentration in gin. per 100 c.c. 

Laurent’s Half-Shade Polarimetcr. Knowing the 
specific rotation of a sugar solution, its concentration can he 
calculated from the observed values of 0 and 1. .An instrument 
used for this purpose is called a polarimetcr or saccluinmelcr. 
The above simple arrangement cannot be used for accurate 
results, because it is very difficult to know the exact position 
of AN when it completely stops liglit. riie intensity of light 
decreasesg radually with the rotation of theanalysing Nicol, and 
near the position of complete extinction it is very faint. 

Sodium light passing through a narrow slit is made partillel 
by a convex lees L and is then passed through the polarising 
Nicol PN (Fig. S5J. The plane polarised light is then first 


5 

li: 





Fig. 85. 

! 


passed through a half-shade plate S before passing through 
the tube AB filled with distilled water. .-V telescope T is 
focussed on S, and the analysing nicol AN is adjusted so that 
the two halves of the half-shade plate appear equity bright as 
seen through it and its position is noted on the circular vernier 
scale V, 

Then tube AB is filled with the given sugar solution, and 
once more the position of AN is adjusted by rotating it and 
the vernier is read. The difference between the two positions 
of the vernier gives the rotation of the plane of polarisation 
produced by the sugar solution. Thus knowing S', /, and t), 
the concentration of the sugar solution is found out. The 
experiment is repeated with another tube of half the length. 
This also removes any ambiguity about the true angle of 
rotation. 

The half-shade plate consists of two semi circular plates one 
of quartz (shaded) and the other of glass (Fig. 86 a). The 
quartz plate is cut with its refracting faces containing its optic 
axis, and its thickness is such that a phase difference of — is 
produced between the ordinary and extraordinary rays of 
sodium light on passing through it. The glass plate is made 
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of such a thickness that it absorbs and reflects the same 



Fig. 86. 

amount of light as the quartz plate, that is, the intensity of 
light transmitted by the two is the same. 

Plane polarised light from PN on falling normally on the 
quartz plate is split up into ordinary and e.Ktra-ordinary beams. 
If the optic a.\is of the quartz plate is parallel to OY and the 
incident vibrations on it are parallel to OC and their amplitude 
is represented by this line, then the amplitudes of the ordinary 
and the extra-ordinary vibrations on entering it are represented 
by OX and OY respectively, if OXCY is a rectangle, Fig. 66 [b). 
On passing through it a phase difierence of r is produced 
between the two, and on emerging from it if the amplitude of 
the extra-ordinary vibrations is represented by 01 that of the 
ordinary vibrations is represented by OX', where OX is equal 
and opposite to OX. The two rectangular vibrations again 
combine, and the amplitude of the resultant vibration is given 
by OC', which is equal to, and makes the same angle with 

as, OC. , • . L 

Thus the quartz plate rotates the plane of polarisation pf 
light coming from PN through while the plane;; of 
polarisation of light passing through the glass plate remains 
unchanged. When the two semi-circular plates are /seen 
through the analyser, the brightness of each will depend on 
the angle which the plane of polarisation of fight coming from 
it makes with the principal plane of AN, so that generally 
the two halves do not appear equally bright, vyhen the 
principal plane of AN \s equally inclined to the/ planes of 
nolarisation of light from the two halves, they appear equally 
St and even a slight change of the analysing Nicol 
produces a large change between their brightne^f 




PART IV 

SOUND 

Q. 106. What produces a simple harmonic motion 
and what are its characteristic properties ? 

Two simple harmonic motions of periods 2 : 1 are 
taking place at right angles. What is the resultant 
motion ? 

' Consider the effect on the resultant when the ratio 
of the periods of the component harmonic motions is 
not an integral number but very nearly so. 

[Bombay, 1930) 

Alls. When a particle is constrained to move in a path so 
that its acceleration is always directed towards, and is propor- 
tional to, its displacement from a fixed point in that path, its 
motion is called simple harmonic. 

Characteristic Properties. See Part I, Q. 3 (page 3), 
for the production of simple harmonic motion and pp. 6-7, 
paras. (1) to (5), for some of its characteristic properties. 

■■(6) Phase. The phase of a vibrating particle at any time, 
is its state or condition as regards its position and direction of 
motion at that instant. It is usually measured in terms of the 
, position of the radius OP of the circle of reference with 
respect to some standard position of it, and is expressed by 
angle d described as a fraction of the whole angle 2-, or the 
time t that has elapsed as a fraction' of the time period T 
(Fig. 87). 
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(7) Epoch. 
E 



Some time the starting point of the particle in 
the circle of reference is taken 
arbitrarily, such as D. 

ZPCD = wi = 0 + c 
9 — wt — e 

Angle e, or time , which gives 


2 - 


the starting point of the particle P 
is called its epoch. It is not the same 
as its phase, because its phase 
changes with time but its epoch 
remains the same throughout. 
Resultant Motion. Draw two 
circles of reference of radii CA and C'A' equal to the amplitudes 
of the corresponding simple harmonic motions taking place 
along BA and B'A' (Fig. 88). Divide the circles into a 
number of equal parts in the ratio of their corresponding 
periods (2:1) so that each part is travelled in the same time 
in the tw'o cases, and draw lines through these points perpendi-^ 
dicular to the paths of simple harmonic motions. As the time 
periods of the two simple harmonic motions are not the same,' 
the phase difference between them changes from 0 to 2Tr in 
one vibration of the sloxt'cr motion, and the form of the 
resultant curve depends on their phase difference at the start. 


(l) -Phase difference zero at start. Starting with the two; 
simple harmonic motions at their extrema positive positions 
A and A', the resultant position of the particle is given by M. 
When the first moves to the left from A to D, the secqnd 
moves downward from A' to F, and the resultant position is 
given by N... Similarly, when the first is at C, E," and B the 
second is at G, H, and C' respectiveljq and the corresponding 
resultant positions are O, P-, and. Q. Then the first goes back 
from'-.B. to A.and the second from C- to ’B-',fand the resultant 
positions are given by R, S, T, and U. /.'E . 

In its next half vibration the second goes back from B' to 
A'. In the same time the first goes from A to B and back td 
A, and the resultant position is traced had: on the curve from’ 
U to M. Then this curve is repeated forward and backward 
over and over again. 
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( 2 ) If the second motion is ahead of the , first by t/ 2 at the 
start, while the first starts from C and goes to the right, the 


ml 


second starts from A' and goes towards C'. Working as before 
we get the curve in Fig. 89 {a). Proceeding in this way the 


mi 




resultant curve is obtained for any phase difference at the 
start. Fig. 89 (&) shows the resultant curve when the second 
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motion is ahead of the first by s-. Here at the start, position 
A' in the second motion corresponds to the position B of the 
first motion. 

In all cases where the two periods can be expressed by two 
simple integral numbers, the particle comes back to the 
starting point after a time equal to the least common multiple 
of the two periodic times, that is after the !e<jsl time in which 
both execute an integral number of vibrations. 

When the two time periods differ very slightly but can be 
represented by two large integral numbers, the particle 
describes a large number of curves before coming to the 
starting point, and then the same series of curves is described 
again. Let the two time periods instead of being in the ratio 
of 2 to 1 be 100 to 49. When the first completes half a 
vibration the second completes not only one vibration 
but ■?» of it more. .-\t the moment when the first com- 
pletes one vibration^ the second completes 2^- vibrations; 
the second is ahead of the first in phase, and their resultant 
position is not the same as at the start. This phase difference^ 
goes on increasing and becomes 2:r when the first has com- 
pleted 49 vibrations and the second 100 vibrations. At this 
moment the resultant position is the same ns at the start and 
the series of curves is again repeated. 

If the- two periods are iucommcnsnrablc, they can not 
be represented by two integral numbers. In this case t he 
particle executing the resultant vibration nc'ocr comes back 
to the starting point but goes on describing an endless curve. 

Q. 107. What are Lissajous' figures? Calculate the 
resultant of two rectangular simple harmonic vibra- 
tions, whose amplitudes as well as periods are in the 
ratio of 1 ; 2, and the phase-difference is 90°. 

{Punjab, 1934) 

Alts. Lissajous’ Figures. If a particle is impressed 
simultaneously with two motions, it follows their resultant 
motion. When the two motions are simple harmonic and 
perpendicular to each other, the resultant path traced out 
by the particle is called a Lissajous' figure. The nature of 
this path depends on the amplitudes and frequencies of the 
two components and the phase difference between them ivheu 
they are impressed on the particle. 
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Resultant Vibration. As the period of the second 
simple harmonic motion is twice that of the first, the 
angular velocity w of the particle in the circle of reference 
in the second case is half of the corresponding angular 
velocity {2(o} in the first case. Let the first simple harmonic 
motion along the ,r-axis be of amplitude a, and the second 
along the y-a.vis be of amplitude 2a. If the second is ahead 
of the first by 7r/2 at the start the component displacements x 
and y are given by 

3 ’= 2 rrcos^ (•>/ + -^j= — 2o- sin m/ ...(]) 

x=a cos 2(.)/ (2) 

= a{2 sin^ wf + 1) 

= 2a sin^ o>t+a 


— . 

Putting sin <at equal to from (1), we get 

2 2 

or y^=2a{x- a) 

This represents a parabola whose a,\is is parallel to the .v-a,xis. 
If the firsf simple harmonic molion is ahead of the second 


by — , quite a different curve is obtained. 


cos <ot = 


y=2 a cos w/. 


2a 


and 


sin wf 


y 


x=a cos^2o)/ + -^^ 


= — a sin 2t>)f 
= — <T 2 sin w# cos wf. 

Putting the values of sin wf and cos wf, we get 
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This represents a figure of tlie form 8. 

Q. 108. Give a general explanation of the manner in 
which Lissajous’ figures may be observed and produced 
and how they may be practically utilised in acoustical 
determinations. [Calcutta, 1921) 


Alts. Lissajous’ Figures. See O. 107. 

Two tuning forks, Fj and is, have small mirrors and M2 
attached to their prongs by thin mica sheets, and vibrate in 

pcypcndicidaf planes 
(Fig. 90). The mica 
sheets are added to 
increase the effective 
length of the prongs 
0 and thereby increase 
the extent of vibration 
of the mirror strips. 
A itarvoio and strong 
beam of light coming 
from S is passed 
through a convex lens 
L and falls on Mj. It 
is reflected from there, 
falls on M2, and is then reflected towards tlie screen O. The 
lens is adjusted to focus light at O. 

The first tuning fork vibratei 7;/ the plane of paper. While 
vibrating, its mirror receive light at points at difterent 
distances from its shank, and if the second fork mirror is 
stationary, a straight line, parallel to the prongs of the fork, 
is traced by the beam ' of light on the screen. The second 
tuning force vibrates in .a plane perpendicular to the plane of 
paper, and when it alone vibrates, the beam of light traces a 
line on the screen perpendicular to the first line. When 
both the tuning forks' arerset^ intowibration, the beam of light 
traces out the resultant path, whose shape depends on the 
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frequencies of the two forks and their phase difference at the 
start. 

These figures enable us to find with great accuracy the ratio 
of the two frequencies if that can be expressed by small 
integers. When the two frequencies are equal, the same figure 
is traced out over and over again. When they are not equal, 
the two vibrations starting in phase get out of step ; the phase 
difference between them goes on increasing, and the shape 
of the figure traced on the screen goes on, changing, until the 
fork of shorter period has executed one vibration more than 
the other, for then the two forks are once more in phase. Then 
the original figure is obtained, and once more it goes through 
the previous changes. 

This method may also be used for detecting unison between 
two forks. If the frequency of one is 200 per sec. and 
one complete cycle of change of the Lissajous’ figure takes 
3 seconds, then while the first fork makes 1000 vibrations the 
second fork makes 1001 or 999 vibrations, and the frequency 
of the latter is 200*2 or 199*8 per second. The direction of 
change of figure shows which fork is vibrating more quickly 
and has greater frequency. 

Q. 109. Derive a general expression for a displace- 
ment of a vibrating particle in a sound wave. Draw 
displace ment, velocity, and pressure curves, and find 
their mutual phase relations. 

Ans. ■ Equation- of a Harmonic Wave. Sound consists 
of longitudinal -waves in which the particles of the medium 
execute siniple harmonic vibrations about their mean positions 
and along the direction of its propagation. There is a gradual 
fall of phase in the direction of propagation of the wave. If 
sound is going from left to right, each particle is ahead of 
the next particle on its right and behind the last particle on 
its left in phase. This phase difference between two particles 
depends on the distance between them, and changes by 2v for 
a distance equal to the wave-length A of the waves. 

In a simple harmonic motion, usually the angle is measured 
from the radius CA while the displacement is taken along a 
perpendicular diameter EF (Fig. 87). If y denotes the dis- 
, placement GR and .6 the angle PGA described in time t with 
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angular velocity w in the circle of reference of radius a, 

y = a sin a sin <■>/ (l) 

For a particle whicb is at a distance .v to the right of the 
first particle, the angle is smaller by an amount proportional 
to X or equal to K.r, where K is the constant of proportionality, 
and its displacement is given by 

3 ’ = <7 sin (i9- K.r) = fr sin (f.)/— K.r) ... (2) 

When the distance between two particles is A, their phase 
difference is equal to 2-. 

KA = 2r 

or K - (3) 


In one rotation CP describes angle 2- with angular velocity 
( 0 , and in the same time the wave moves forward through a 
distance A with velocity v. 

2- _ A 
(•) r> 


or 


2trv 

"Y ' ' ' 

Putting the values of K and w in (2), we get 

. (2-vt 2:r N, 

IWT' T-’i 


(4) 


= a sin 


A V 




(5) 


If the displacement were taken along the diameter AB, it 

2 - i 

would have been equal to a cos 




Displacement Curve. Divide the circumference of the 
circle of reference into a number of equal parts and divide a 
line FH along BA into the same number of equal parts, so 
that these equal parts indicate equal intervals of time (Fig. 91). 
From the points on the circle draw perpendiculars on ACB, 
then their lengths give the displacements of the particle 
vibrating along DE. Erect ordinates on the line FGH equal 
to the displacements at the corresponding points, and draw a 
smooth curve through their extremities. This will be a 
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harmotuc curve or a sine curve, because if length FH 
corresponds to 360“^ and the maximum length of the 



Fig. 91. 

ordinate is taken equal to 1 unit, the length of the ordinate at 
any other point measures the sine of the angle corresponding 
to that point. Positive and negative ordinates respectively 
indicate displacement in and opposite to the direction of 
propagation of the wave. 

Velocity Curve. The velocity curve (Fig. 92) is also a 
harmonic curve, but it lags 

quarter of a period (or 90°) n. X 

behind the displacement \ / 

curve, because when the \ / 

velocity of a vibrating p V c 7 h 
particle is maximum and \ / 

positive, its displacement \ / 

is minimum (zero) and 

would become maximum ^ 2 . 

and positive after 99° or • 

a quarter period. In this curve positive and negative ordinates 
indicate velocity to the right (m the direction of propagation 
of sound) and left respectively. 

Pressure Curve. In sound waves there are altei nate 
regions of condensation and rarefaction and they are folloryed 
by each other very quickly. In the region of condensation 
pressure and density are gre«/cr than their normal values, and 
all the particles are moving in the direction of propagation of 
sound. At the centre of this region there is the greatest 
pressure and density and a particle of the medium here_ is 
passing through its normal position with maximum velocity. 
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In the region of rarefaction pref-sure and density are bcloic 
their normal values, and all the particles are moving opponilc 
to the direction of propagation of sound. Pressure and density 
are greatest at the centre of this region and a particle there 
passes through its normal position with inaxinnnn velocity. 
At the common boundary of the two regions pressure and density 
have their ttormal values and a particle here is stniionary. 

Thus the pressure curve is exactly similar to the velocity 
curve and is in phase with it. The upward ordinates indicate 
condensation or excess of pressure above the normal, while 
the downward ordinates represent deficit of pressure or rare- 
factions, 

Q. 110. Obtain an expression for the velocity of trans- 
verse vibrations along a stretched string, and thence 
deduce the frequency of a string vibrating in P seg- 
ments. (Punjab, 1937) 


D 


Alts. When a transverse wave moves along a stretched 
string, its particles vibrate perpendicular to its length, and 
movement is handed on from particle to particle. .'\ rvrv 
small part AB of it, of length 7i!, may be considered to be a 

part of a circle of radius Rand centre 
at C (Fig. 93) and subtend a very 
small angle 2(>b radian at the centre, 
so that 

o/ = RX2.3ry . . (l) 
There is a uniform tension (stretch- 
ing force) T in the string throughout, 
and acts at A and B along the tan- 
gents DA and DB respectively. 
Line DC bisects the angle .'\CB, 
and the components of the stretching 
forces at A and B perpendicular to 
DC are equal and opposite, and cancel out, while their 
components along DC are equal and in the satne direction. 



each being equal to T cos 




■T sin 60 = Trt0. 


Resultant tension along DC = 2Tt;^ ' i, . . (2) 

, If this string be supposed to be enclosed in a smooth tube 
of the form of the wave, the reaction of the tube'on’tbe string 
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is in the opposite direction CD.' Let the string of mass «« per 
unit length move with velocity v from right to left. As its 
part AB of mass m 81 is moving m a circular path, the 

centrifugal force on it is equal to • Then the inward 

force exerted by the string on the tube, and the outward 
reaction of the tube on the string, are equal to 

, mSlv" 

mo — • 

If the mac^nitude of velocity is so adjusted that no force is 
exe ted by °the tube, the presence of the tube is not needed to 
Stain this bend in the string. In this case the .string is 
Tunning to the left or the wave is running along it to the right. 

ni8l.v~ 

• 2T80 = 


R 

mR280.v^ 


R 


from (l) 


or 


in 


V 


'T_ 

in 


and in ' 

This shows that a wave of rr/iy length will travel with the 

Tame velocity, provided T and m are the same. 

If the frequency of vibration of the string is equal to n and 
A is the wave length, v is equal to uKand equation (3) becomes 

'Z. 

in __ 

'33 ■„ , (4) 

or • A V m ' 

The length of one segment is equal to Y- and that of P 

PA 

segments 




If l is the total length of the stretched string. 
P7i 
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or 


?\ = 


Zl 

P 


-Irl/ 


wavetrainsTf1hfs°L°pedS^\°"'*’'y Waves. \VI,en two 
velocity travel in o/l)/,os;/rdirer’tin and 

interfere and give ri^e to wave^^ f ^ straight line, they ' 
These resultant waves (undulations ’’1 " n 'cssivc. 

In the case of a string they are nrr.^ »tnlionnry wnve«. 

of .ir,c. ..ves .L 

W » =-"3v=r» wave I, 


G 



ri^ht, C being 


one crest and T the 


next trough, and the 
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arrowheads indicate the direction of motion of the particles. 
The lower curve, Fig. 94(6) indicates the reflected wave moving 
in the opposite direction. At this moment the crests of the two 
'(Waves are in the same position and ^o are their troughs. 

The displacement of any particle due to one wave is in the 
same direction as that due to the other and, therefore, they 
are added up to give the resultant displacement of any particle, 
that is, the resultant displacement of any particle is equal to 
twice its displacement due to either wave, as the amplitudes 
of the two waves are equal, Fig. 94 (c). On the other hand, 
the velocity of any particle due to one wave is equal and 
opposite to its velocity due to the other wave, and, therefore, 
not only the particles at crests and troughs but all the other 
particles also are ar res/. All the particles in the left half 
are displaced upward by the greatest amount, while those in 
the right half are displaced downward to their maximum 
extent. The displacement of the particles at points A is the 
greatest and gradually reduces to zero at points N. 

After a quarter time period each wave has moved a distance 
""equal to a quarter wave 
length, and their positions 
are shown in Fig. 95. 

Here the troughs and 
crests of one wave train 
fall over the crests and 
troughs respectively of 
the other, and the velocity 
of any particle due to one 
wave is equal and oppo- 
site to its velocity due to 
the other. The result is 
that at this moment all 
the particles are passing 
through their normal 
position, each having its maximum velocity. All the parti- 
-cles in the left half are moving downward, while those in the 
right half are moving upward,. The velocity of particles 
at points A is the greatest and gradually reduces to zero at 
points N. 
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\fter half a time period the condition is represented in 

Pig. 96. Here all the 
three curves are o/>po~ 
site to the correspond:^ 
ing curves of Fig. 94. As 
a result of the superpo- 
sition of the two waves, 
all the particles are at 
rest and the displace: 
ment of each is maxi- 
mum, but now all the 
particles of left-half are 
displaced downward, 
while those of the right: 
half are displaced up: 
ward. 

After another quarter 
period, that is, three 
quarter period from the 
start, the condition is 
represented in Fig, 97.'^ 
Here all the three 
curves are opposite to 
the corresponding 
curves of Fig. 95. In the 
resultant curve, all the 
particles are passing - 
through their normal 
positions, each 'moving 
with its piaximian 

m i .velocity^utin theoppq- 

1 1 ♦ A ■ site . direction-, to, that 

A . ,in Fig. 9.5._; -Then ;thi.s 

.condition is ..gradualiy 
- changed to, the condition 
given in Fig. 94, and when one period has elapsed, these 
motions are repeated over and over again. ; 

Characteristic Properties. 1. These stationary .waves 
are not progressive, that is, the condition of vibration of a 
particle is not passed on to the next particle, and there is no 



tc) , 
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forward or backward iiiofioii, simply the amplitude of particles 
changes from one side to the other. 

2. Particles at the points N are tiever displaced, though 
they suffer the greatest change of strain, and are called nodes. 
All other particles are displaced, and their displacement at 
any moment increases gradually with their distance on either 
side of a node. Midway between the nodes are points A where 
at any instant velocity and displacement are greatest than 
at other points, and there is ito strain. These points are called 
antinodea. 


3. All the changes are gone through in one time period 
of the component waves, and the wave-length of the stationary 
waves is the same as that of the components, the distance 
between two consecutive nodes or antinodes being equal to 
half the wave-length. 

4. Twice in one vibration all the particles are stationary, 
and the displacement of each particle is maximum. After 
half a time period this maximum displacement is on the other 
side. 


5. Twice in one vibration all the particles are in their 
normal positions, and each has its maximum velocity. After 
half a time-period all of them pass through their normal 
positions with maximum velocity, but in the opposite direction. 

6. For half a period all the particles in a segment between 
any two consecutive nodes move in one direction and in 
the next half in the opposite direction. At any instant the 
direction of motion of particles in any segment is opposite 
to that of the particles in the next or last segment. 


]] Analytical Treatment. In a harmonic wave of wave- 
length A and moving with velocity v the displacement y of a 
particle at a distance a- from some fi.xed -point as origin at time 
t is given by . 


2-n- 


y = (Tsin (vt — x), 


( 1 ) 


where a is its amnlitude of vibration. At the fi.xed end of a 
string a crest is reflected as a trough, and a trough as a crest, 
and, therefore, for the reflected wave rris negative as compared 
with its positive value for the incident wave. The value of 
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( 2 ) 


J a sin^(v/ + .r) 


to lL^inadent^and^dISed ^ Point due 

dispiacement 3! is equal to H, ^ T .‘'^^P^^tively, its resultant 
y = y,-^y„ their algebraic sum. 

-« sin ~(i7-.v)-„ s,n 


27r 




“ 2a cos 


sin 


^2« cos Y v^. sin ^(- 
= -2frcos sin 


2 - 




^)~‘^{vt+x) 


■x) 


X 


y,, , '' • • • (3) 

'‘■t:: timr^and^Lso^thtrLTre^”^^^ changes 

-'■ti'-rent points is different .t™® the displacement at 

‘• 4 uul to 0, A/ 2, and evenZ lA distances 

ula-'q-ys zero. At other on*? ^ displacement is 

and odd multiple of A /4 tln« Yt'iftnodes) at distances A/4 

maximum, that is it is a! ,splacement at a given time is 
IS positive and negative atn^lf^' °ther point and 

at points at the same distano^'^°^^^.u°'"^^‘ displacements 

equal and opposite. n. node are 

is equaHff®?°'^the wajj ‘‘J" to either wave 

IS equal-to T, and the ^ ^ distance A m this time, or 

-• ■ •• •■ ■ ’ equation may .be put in the form 

^ 00 s 2^7 sin 

The displacement sf ■ 

maximum for ; equal with time. It is 

and negative forZ^^L^TAT T/4 and is posit ve 

f-^om its maximum value it changes 

on the other side in T/2 S'” maximum value 

- >P T/ 2 . Similarly, the displacement is zSo 
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for t equal to an odd multiple of T/4, so that the interval bet- 
ween its consecutive passages through its normal position is 
^ equal to T/2. Further, the displacement at alt points is zero 
at the same tune. Therefore the period of vibration of a 
particle due to the resultant disturbance is the same as that 
due to the component waves. 

By differentiating y with respect to t (x constant) and x 
\t constant) velocity of the particle and strain at it respectively 
are obtained. 


1 •. . 2;r , . 2~ 

Velocity — — = — r — sin — u/ sin ^ x . . (5) 

df n A A 

This shows that the velocity of particles at x equal to zero or 

A ’ 

even multiple of j (nodes) is ahvays zero, and at any instant 


particles at x equal to odd multiple of -(antinodes) have maxi- 

4 


iituin velocity, while other particles have velocities lying 
between these extremes and decreasing gradually from a 
maximum at an antinode to zero at the next node. 


Further when the displacement ('== cos ^ vt) of a given 


277 


particle is maximum, its velocity sin vt) is minimum, 


and vice versa, and the period of variation of the two is the 
same. , 

■ . dy 4crrr 2- 27r . ^ 

Strain = — = 7— cos^ vt cos x..- .... (6J 

dx A A A 

This' indicates that at points at x equal to zerd'orl'even 
multiple of ^ (nodes) strain is maximum, while at points at x 

equal to an odd multiple of ^ (antinodes) it is always zero. 


At other points it lies between these extremes and decreases 
gradually from its maximum value at a node to its minimum 
value at the next antinode on either side of it. The strain at 
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a point changes witli time and is maximum when its 
displacement is minimnm, and vice v'crsn.3 

Q. 112. Describe and explain Mcldc’s experiment. 

In an experiment it was found that the string vibrated 
in 5 loops when 10 grammes were placed in the scale 
pan. What mass must be placed in tbe pan to make 
the string vibrate in 7 loops ? (Neglect the weight ^of 
the scale pan.) {Ptntjah, 1933) 

Alts. Meide’s Experiment. .\ light siring AB, lying in 
the plane of paper, is fixed at one end to one prong of a 
tuning fork F (Fig 'id). It passes over a frictionless 

pulley, and at the other 
end it carries a scale-pan 
P m which weights are 
placed to keep it stretch- 
ed. Set the fork vibrating 
ill tlie plane of paper and 
adjust the weight in the ^ 
scale pan until the string 
just begins to vibrate in a 
l-ig us si It file segment in the 

plane of paper. 

The prongs of the fork move to left and right. When the 
left prong is in the left extreme position A, the distance 
between it and B is the smallest ; the string is curved and is, 
say, in the position .\CB. Then tliis prong moves to the 
right and the string is straightened out. When it is in the 
right extreme position A', the distance between it and B is the 
greatest, and the string in in its normal position along a 
straight line midway between ACB and ADB. 

In its next half vibration this prong of the fork goes to tbe 
left, and the string moves on downward. When the prong is 
once more in its left extreme position A, the string is in its 
lowermost position ADB. Thus while the tuning fork has 
executed one vibration the string has completed half a vibra- 
tion, and, therefore, the frequency of vibration of the string is 
half of that of the fork. By adjusting the stretching force 
and the length of the string, it can be made to vibrate in any 
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number of segments, but its frequency is always half of that 
of the tuning fork. 

Next the tuning fork is turned round to vibrate in a plane 
perpeudiculav to the plane of paper, when it is found that, 
with the same stretching force, the string vibrates in iivo 
segments perpendicular to the plane of paper [Fig. 98 (6)]. 
In this case the prong of the fork draws the end of the string 
along with it, and when the prong completes one vibration 
the string also executes one vibration, that is, the frequency 
of vibration of the string is the same as that of the fork. 


When the prong is passing through its normal position, the 
string is also in its normal condition and lies along a straight 
line. In one extreme position of the prong, the string has 
the form given by the full line, while in the second extreme 
position of the prong, after half a time period, the condition 
of the string is given by the dotted line. At any time the 
two segments are moving in opposite directions. By suitably 
adjusting the stretching force and the length of the string, it 
■'may be made to vibrate in any number of segments, but in all 
cases its frequency is equal to that of the fork. If the number 
of segments in the first position of the tuning fork is P, it is 
always 2P in the second position. 

Problem. The frequency n of the transverse vibrations 
of a string of length /, and mass »i per unit length, stretched 
by force T, and vibrating in P segments is given by 



With the same tuning fork connected to the string in the 
same way, the frequency of vibration of the string remains 
the same, and, therefore, for the same value of it, 1, and nt, 
P is inversely proportional to the square root of T. If the 
stretching force in the second case is x gm. wt., then 



10X25 


= 5'101 gm. wt. 


or 


.r= 


49 



238 


PHYSICS 


Q. 113. 


Q. 113. Derive an expression for the velocity of 
sound in a gas, and hence show that the change in the 
velocity of sound in air is about 0'6 metre per degree 
(contigrade) change in temperature. [Velocity in air at 
0° C = 330 metres per sec.] {Punjab, 193R) 

Alls. Velocity of Sound. In ibe following discussion 
it is assumed that the displacements of the particles of the gas 
is very small as compared with the wave-length of sound 
waves and at any moment the state of displacement is the same 
at all points in a plane perpendicular to the line of propagation 
of sound. 


WWD 
J> 

^'SOUNO 


B 


First Method. Let sound waves be proceeding from 
right to left with a velocity V, and wind be 
blowing with an equal velocity in the opposite 
direction, so that for any particular point above 
the earth the values of pressure and density 
remain the same (Fig. 99). Suppose plane A, 
perpendicular to the direction of propagation of 
sound, is in a normal condition, while plane 
B is in a region of rarefaction, and P, V, D, 
and P), V), Di, are the corresponding values of 
pressure, resultant velocity of air and density 
respectively. 

Amount of air passing in a unit time through 
a unit area of A is equal to VD, and is equal to the corres- 
ponding amount ViDi passing out of B, because there is no 
change of density at any point. 

.-. V,D, = VD 


I 

P 

V 

D 


Fig. 99. 


P. 

Fi 

Di 


or 




( 1 ) 


As D] is less than D, Vi must be greater than V, and gain 
of momentum per unit time is equal to (DiVj X Vj— DVX V) 
or DiVi^ — DV^ According to the second law of motion, this 
rate of change of momentum per unit area is equal to the 
difference of forces per unit area at A and B. 

/. P-Pi = VfDi-Y=D 

Putting the value of Vj from (l) 


01== 


D, 


( 2 ) 
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A unit of mass air occupies volume — at A, and it becomes 

^ at B. The change of volume is equal to ~ , and the 

J-'i Di D 


1 


1 


volume strain is equal to ^ or ^ * 

1 


D 


or 


B = 


(P-P.) = 


P-P< 

D-Di 

Di 

E(D-D,) 

D, 


(3) 


where E is the volume elasticity of air and P- P] is the stress. 
Equating the two values of P— Pj in (2) and (3), we get 
V-’D(D-D,) E(D-Dj) 


D, 


Di 


or 


and 




'•Vl 


(4) 


As at A the density is normal and the air particles have 
got no x’elocity due to sound xvaves, the velocity V of xvind 
at this point is equal to the x’clocity of sounds 

Problem, Let V metres per second be the velocity of sound 
at if°C and D and Do the densities of air at t° C (273° + / 
absolute) and 0° C (273° absolute) respectively. 

3^0= \/ lo ••;••• (5) 

Dividing (4) by the corresponding sides of (5\ we get 

■=\/^ 

) V D 

7273 + / U 


Y_ 

330 


\ 273 

as the density of a gas varies inversely as its absolute 
temperature. 
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or V = 330 ( 1 + 

= 330 ^1 + i X^ + negligible terms) 
if i is very small compared with 273, so that further terms 
containing the higher powers of are negligible. 

Change of velocity forf°C=V — 330 

330 t 

— ■ - metre per sec. 


and ,, „ „ „ IX = ^^=0'6044 metre per sec. 

Second Method. Let sound waves be travelling from 
left to right along the X-axis OX, and let the displacement 

I nt B at a distance x 

from the origin O be 

C A’ 3 ’ (Fig. 100). Consider 

two planes of area A 
Fig. 100 at B and C perpendi- 

cular to OX and a very small distance 8.v apart. Let the force 
per unit area on plane B be equal to F. 

Force on plane B= AXF 

. f 1 rr '^fAF) dF 

Kate of change of force = — ; =A-; — 

dx ax 

dF 

Change of force for 8 .t=A— 6.v 

dx 

Mass of air between A and B = A8a:X D, 
where D is the density of air. 

Displacement at B= 3 > 
d'y 

Acceleration of air particles = 

Therefore according to the second law of motion, 

A.^. 8.Y = A.8a-.D^ 
dx df 


A.-.8.r = A.8Y.D^ 
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dx 


(1) 


Rate of change of displacement = — 

dx 

Displacement at 0 = 31+ ~i\v 

dx 

Change of volume between C and B = 3’ + ^’s.v-3t| 


Volume strain = — 
Stress (force per unit area)=F 
Elasticity E = - 


or F=E^ 
dx 




A*Sv 

dx 

_dy 

AS.v 

dx 

F 


stress 

__F 

strain 

dy 

dx 


nd r- = E— 2 

dx dx 

Put^ng this value in ( 1 ), we get 
dx" dr 


In a sound wave of length A and moving with velocity V, 
the displacement 3' of a particle at a distance .v from the 
origin at time t is given by 


3’= n sin— (Vf—x), 
A. 


where a is its maximum displacement. 



dy 2 ~ 

. . — = Cl cos • 

dx A 

and 

/y 4-' • 

_ = - 

also 

dy 25rV 
"=— — a cos 
dt A 
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Putting these values of ^^2 and V in (2), we get 

a_ 2 n 4t"\'“ 2- X 

— a sin (Vi — x)— — ^ \ ^ 

or ' ' E = DV’ 

Q. 114. Derive a general expression for the velocity’ 
of sound in a gas and discuss formulae due to Newton 
and Laplace. 

Calculate the velocity of sound in air at N.T.P. (The 
ratio of specific heats for air = 1'4) {.Calcutta, 1933) 

Alls. See O. 113 for deriving the general expression U = 

— 1 where U is the velocity of sound in a gas of volume 
elasticity E and density D. 

Newton’s Formula. Newton thought that the propoga- 
tion of sound in a gas takes place under isofherntcil conditions. 
When the temperature of a gas remains the same, the product 
of the volume V of a given mass of it and pressure P remains 
constant, 

PV = constant 


as dP and — are equal to stress and strain respectively, 




The value of U calculated from this equation by putting the 
values of P and D is found to be too much below the value 
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found by experiment, and this big discrepancy cannot be 
attributed to any experimental error. 

Laplace’s Formula. Laplace has pointed out that the 
propagation of sound in a gas takes place under adiabatic 
conditions and not isothermal conditions. Sound travels very 
rapidly, about 1100 ft. per sec. in air, and there is a sudden 
increase or decrease of pressure at a point according as it is in 
a region of condensation or rarefaction. In the first case heat 
is produced and there is a rise of temperature, while in the 
second case fall of temperature takes place. As air has a 
very poor thermal conductivity, there is no time for heat being 
given out to, or absorbed from, the surrounding region to 
bring the temperature to its original value. Therefore the 
propagation of sound takes place under adiabatic conditions, 
and E represents the adiabatic elasticity and not the isother- 
mal elasticity of the gas. 

In both the cases, the adiabatic elasticity is greater than 
isothermal elasticity. In the region of condensation there is 
increase of pressure and the gas is squeezed, but due to 
sudden compression temperature rises and volume increases. 
Thus the decrease of volume is smaller than it would be if 
there is no rise of temperature. 

In the region of rarefaction, pressure decreases and the gas 
expands, but due to sudden expansion temperature falls and 
volur* decreases, and the expansion cf volume is smaller than 
it would have been had there been no fall of temperature. 
Thus in both the cases, for a given stress, the strain is 
smaller and elasticity is greater than if there was no change of 
temperature. 

If y is the ratio of the specific heat of the gas at constant 
pressure to its specific heat at constant volume, then 

PV^= constant 

••• pyv^~^^+v^=o 


or 


yp= 


dF 

dV 


= E 


V 
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Thus the adiabatic elasticity is equal to VP and not 
the original equation for the velocity of sound becomes 


U = 



P, 


and 


Problem. 

-Atmospheric Pressure P = 76X 13'59X981 dynes/sq. cm. 
Density of air at N.T.P = 0‘001293 gm./c.c. 
y=r4 


Velocity of sound = 



r4X76X 13‘59X981 
0*001293 


= 33120 cm. /sec. 


Q. 115. Explain the formation of the stationary 
waves in air in a tube, and state how their properties 
differ from those of a progressive wave. 

A(!s. When sound waves are reflected from the closed or 
open end of a tube, interference occurs between the direct and 
the reflected waves, and stationary waves are produced. Thege 
resultant waves are not progressive and may better be called 
undulations. In a longitudinal wave of wave-length A., amplitude 
a, and time period T, the displacement yi of a particle at a 
distance .r from some fixed point at time t is given by 

yi = rt sin . . • . » (l) 

(n) Closed End. When reflection occurs at the closed end 
of a pipe, or from a medium of smaller freedom of motion, a 
condensation is reflected as a condensation, and a rarefaction 
as a rarefaction. As the direction of motion of a particle is 
in or opposite to the direction of propagation of sound 
according as it is in a region of condensation or rarefaction 
and the reflected wave moves opposite to the incident wave, 
the amplitude of a particle due to the reflected wave is 
opposite to that due to the direct w’ave, and the value of .v is 
also negative. Hence the displacement of a particle due to 
the reflected wave is given b}' 


• . ( 2 ) 
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and its resultant displacement y is given by 
y=yi+y2 


= a sin 


( i x\ . ^ / 

' t x\ 

I'T "" A/ ” ' 



~2a cos 




_ , -ZttI . 2-x 
— 2<i cos — sin — 
i A 


. (3) 


Thus the displacement of a particle depends on its position 
.V and varies with time. At points where x is equal to zero 

(closed end) or an even multiple of ^ ’ sin is equal to 

T A 


zero, and there is never any displacement. These points are 
separated by a distance equal to A 2 and are called nodes. 


Midway between nodes lie the points where .v is equal to an 


odd multiple of 


A Zttx 

— • Here sin —— has its value, and 

4 A 


at any time their displacement is greater than at the other 
points. These points are called antinodes, and, like nodes, 
are separated by a distance equal to A/2. The displacements 
at alt^nate antinodes are always equal and ofjposite. 

At other points displacement lies between these extremes, 
and decreases gradually from its maximum value at an antinode 
to zero at the nodes on either side of it. All the particles 
reach their maximum or minimum displacement at the same 
time, and at any time all the particles in a segment, from one 
node to the.next, are displaced in one direction, while those.in 
the last .and next sej^ment .are displaced in the opposite 
ilirection.- 


The displacement at a point at any time is equal an'd 
opposite to its displacement after T/2. Starting with maximum 
displacement of a particle, it becomes zero after T/4, maximum 
and opposite after T/2, again zero after 3T/4, and reaches 
its original value after T, so that the period of the stationary 
waves is the same as that of the component waves. 
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Velocity. The velocity of a particle is obtained by differ- 
entiating its displacement with respect to time t {x constant). 

dy — 4<r- . 2-rr/ . 2;r.r- / . 

Velocity = sin — Sin — . . . 

at y i A 


It is always zero at nodes where .v is equal to zero or an even 


.A. 


1-x . 


multiple of T > so that sin ’ is zero, and at any time it is 
•4 A 

maximum at antinodes where .v being equal to an odd multiple 

A 2.7rx 

of - > sin—— has its maximum value of +1 or — 1. At other 

4 A 

points at any time it lies between these extremes, and gradually 
decreases on either side of an antinode. 


The velocity of a given particle varies with time. It changes 
from maximum in one direction to zero in T/4 and takes 
further time T/4 in reaching its maximum value in the opposite 
direction- Thus the period of variation of velocity of a particle 
is the same as that of its displacement. The condition of 
maximum or zero velocity is reached by all the particles at 

the same time. When the displacement cos of a 

particle is maximum, its velocity sin is zero, and vice 
versa. 


Change of Pressure or Density. The strain at a point 
is obtained by differentiating its displacement y with respect to 
a- {f constant). 


. dy 4a7r 2-t 

Strain = cos -rr cos 

dx A T 


ZttX 

' ■ 


(5) 


At the nodes, where .r is equal- to zero or an even multiple of 
A/4, the change of pressure is maximum and is positive and 
negative at alternate nodes, that is, alternate nodes are centres 
of condensation and rarefaction, and each node is alternately 
a centre of condensation and rarefaction. At the antinodes. 


27r.T 


where .r is an odd multiple of 7 > cos ■— is equal to zero, and 


pressure and density are always normal. The change of 
pressure at other points lies between these extremes and 
decreases on either side of a node. 
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The change of pressure and density at a point varies with 
time. At any instant its value is equal and opposite to its 
value after T/2, and again becomes the same after T. 

[b) Open End. At the open end of a tube, the air outside 
the tube has greater freedom of lateral motion, and a con- 
densation is reflected as a rarefaction and a rarefaction as a 
conednsation. In the region of condensation the displacement 
of a particle is in the direction of motion of the wave while 
in the region of rarefaction it is in the opposite direction. 
Therefore, as the reflected wave moves opposite to the incident 
wave, the displacement of a particle due to the reflected wave, 
is in the same direction as that due to the direct wave, but 
.r has opposite sign. Hence in this case the displacement y 2 
due to the reflected wave is given by 


y.j= a sin 2- 

and the resultant displacement y is given by 
y=yi+y2 



t X 

= 2a sin 2t7 ry cos 27r - 
i. A 


(6) 


In this case antinodes occur at points for which .r is equal 
to zero (open end) or an even multiple of -, and ■ nodes are 
midway between these points where x is equal to an odd 
multiple of -• 


Stationary and Progressive Waves. The differences 
between the properties of stationary and progressive waves 
are given below in a tabular form. 
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Progressive Waves 

1. The disturbance moves out- 
ward. that is, the vibration charac- 
teristic of a particle is transferred 
to the next after some time. 

2. The amplitude of vibration 
of every particle is the same, but 
a particle reaches any sfat'c of its 
displacement at a time different 
from that of the last and the next 
particles, and not at the same time. 


3. No particle is permanently 
at rest. Only the particles at the 
extremities of their displacements 
are momentarily at rest, and this 
condition is reached by different 
particles at different times. 

4. All the particles when they 
pass through their normal positions, 
one after the other, have the same 
maximum velocity. 

5. Every region passes succes- 
sively through the condition of 
compression, normal pressure, and 
rarefaction, and these conditions, 
pass onward. 

6. A particle has its maximum 
velocity and maximum change of 
pressure at the same time, and 
reaches its maximum displacement 
after one-quarter of its period. The 
velocity and pressure curves agree 

T 

.and are - nhead of the displace- 
ment curve. 


Stationary Waves 

1. The character of the dis- 
turbance is fixed, and no particle 
transfers its mode of vibration to 
the next. 

2. The amplitude of vibration 
of the neighbouring particles is not 
the same, and all the particles 
reach their maximum or minimum 
displacements at the same time. 
All the particles between two con- 
secutive nodes are in the same 
phase, while all those in the last or 
next such segment are in opposite 
phase. 

3. Particles at the nodes are 
always at rest Other particles 
reach this condition at the extremi- 
ties of their displacements, but then 
all of them are at rest at the same 
time 

4. All the particles pass through 
their normal positions at the snnic 
time, and then each has its maxi- 
mum velocity, but its magnitude 
is different for different particles. 

5. There is no onward motion 
of these conditions. In any region 
one of these conditions appears, 
then disappears, and is followed 
by the opposite condition. 

6. No two curves agree. The 
velocity curve is a head of the dis- 

T 

placement curve by — and ahead of 

T 

the pressure curve by 


Q. 116. Obtain an expression for the resultant of 
two wave motions travelling along the same direction, 
with the^ same velocity and amplitude, but with 
slightly different frequencies, and explain its meaning. 

Distinguish between beats and combination tones. 

{Punjab, 1936) 
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Alls. In a harmonic wave moving with velocity v and of 
frequency n the displacement y of a partilce at a time t is 
given by 

y = a sin 2~nt, 

where a is the amplitude of its vibrations. Let the two wave 
motions have slightly different frequencies n and m per second 
and the displacements of a particle due to them be equal to 
yi and yz respectively, then 


yi= a sin 2Tr nt 
y 2 = a sin 2-iiit 

and the resultant displacement y of the particle is given by 

y=yi+y2 


= « sin 27rnt +a sin lirnit 


. . f27rilt + 2-!riilt\ 

5 — j 


COS 


2 T7mf 


) 


/ 


^ ^ (it- III \, . . ( if^ III 

= 2n cos 2~y— — jf.sm 27r 

This equation represents a periodic vibration of amplitude 
'.(I cos IT in — III) t and frequency which is the 


arithmetic mean of the frequencies of the two component 
waves. Its amplitude is not constant but changes with time ; 
maximum value is equal to 2a ov — 2a when t is equal to zero- 

of an integral multiple of — ^ — , so that cos rrin- iit)t is 

II — III 


equal to + 1 or — 1, and the intensity of sound, being propor- 
tional to the square of amplitude, is maximum. This occurs 
{n — ni) times in one second. " • 

Alternating with maximum amplitude are the positions of 
, minimum (zero) amplitude. This occurs when t is equal to 

an odd multiple of so that -[n — in)i is equal lo an 

2(n— ’ll) 


odd multiple of g and, therefore, its cosine is equal to zero. 
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Thus the intensity of the resultant wave rises and falls 
(ii — tn) times per second which is equal to the diijcrettce 
of the component frequencies. As — is vc?'y small, 
the resultant wave is nearly a simple harmonic wave whose f 
amplitude alternately charges from the sum ia + a = 2a) of the 
amplitude of the components to their difference {a— a = 0). 
These alterations in the intensity of sound when two notes 
of nearly equal frequencies are produced are called beats. 

Beats and Combination Tones. When the difference 
between the frequencies of the two component notes is very 
small, beats are very rapid and produce a tone, whose 
frequency is equal to the dttlerence between the frequencies 
of the component note and is called a beat tone. 

In addition to the two primary tones sounded together 
(very strongly) other tones are heard under certain conditions. 
These tones are called combination tones, and their frequency 
is obtained by different combinations of the frequencies, in and 
n, of the primary notes. Tones whose frequency is obtained 
by adding the component frequencies are called summation 
tones. The simplest of these is called first summation tone ' 
and its frequency is equal to /// + '/. Summation tones of 
higher orders have frequencies given by liii + n, tit + 2n, 
and so on. 

A tone whose frequency is equal to the difference (a -in) 
between the two component frequencies is called first 
difference tone and is the Strongest of all the combination tones 
Difference tones of higher order can also be obtained 
and have frequencies such as 2n-in,2in-n, and soon. 
In addition to these combination tones, seIf"combination tones 
of frequencies 2in and 2n are also formed under certain 
conditions. 

A beat tone has the same frequency as the first difference 
tone, and Koeing thought that the first difference tone is 
really a beat tone formed by the rapid production of beats. 
But the experiments of Rucker and Edser have conclusively 
proved that a difference tone has an objective existence and 
is not a beat tone. 

A note is due to a succession of waves. In one half of each 
wave air is displaced forward, while in . the other half it is 
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displaced backward. On the other hand, each half of a 
beat consists of decreasing or increasing alternations of 
displacement ; the average displacement of any particle is 
. zero and the average pressure of air is normal. As a mere 
loudness or faintness cannot move the drum of the ear 
unless there is change of pressure, beats cannot produce 
in the ear a note of their own frequency. Moreover, beats 
do not explain the formation of summation tones. 

Q. 117. Give a short account of the combination 
tones that would be produced when notes of frequencies 
512 and 768 are sounded together. {Punjab 1929) 


Alts. See Q. 116 for the production of combination tones. 
The following are their frequencies : — 


Primary tones 
Self-combination tones 


First summation 
Second „ 


tone 


P'irst difference tone 
Second „ „ 


and 


and 


512,768 

2X512, 2X76S 
= 1024,1536 
512 + 768=1280 
2X512 + 768 = 1792 
2X768+512=2048 
768-512=256 
2X512-768=256 
2x768-512=1024 


Q. 118. Describe Doppler’s principle. 

Derive an expression for the change in the frequency 
of a note due to the relative motions of the observer, 
source, and medium. 

Two aeroplanes are approaching each other and 
their velocities are 100 and 150 miles per hour. 
The frequency of a note emitted by the first as heard 
by the passengers in the other is 1000. Calculate 
the true frequency of the note as heard by its own 
passengers. Take the velocity of sound as 750 miles 
per hour. {Punjab, 1939) 

Alls. Doppler’s Principle. When a source of sound 
gives out a n.)te of frequency n and wave-length A, and 
they, travel with a velocity V, then all the waves given out 
in a unit time occupy a distance V, where V is equal to n A. 
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If there is no relative motion between the source and an 
observer, he receives in any interval the same number of 
waves as are produced in the same time. If there is any ^ 
relative motion between them, due to the motion of the source, 
or the observer or both, the rate at which the waves are 
received is not equal to the rate at which they are emitted. 
The pitch of the note heard rises or falls according as the 
two approach or recede away from each other, and its change 
depends on the magnitude of their relative velocity. This 
change of pilch is called Doppler’s effect, after the name of 
the man who first explained it, and the principle by which 
it is explained is called Doppler’s principle. 


Change of Frequency of Reception. 1. Observer in motion 
Let the observer O move in the direction of sound, that is, 
away from the source S, with a velocity Pi, [Fig. 101 (a)]. If in 
a time t he moves from O to O' and sound travels the distance 
OA, he receives in this interval ail the waves which lie between 
O' and A at the end of the interval and whose length ’is 
equal to O'A. The relative velocity of sound with respect , 
to the observer is equal to (V - Vj) so that O'A is equal to 
(V-Vi) ii and 

. . . 

)^^o. of waves received in time i— 

[ V-Vi)/» 

y 

iv-y.)n 

V 

V — Vi Velocity of sound with respect to the observe r 
V ~ Velocity of sound with repeat to the source 

Source in Motion. Let the Source S move with 

velocity Vj to- 
wards the observer 
O and go from S 
to S' in time f, 
[Fig. 101 (6)]. In 
this time the 
source has given 


Frequency of reception ih — - 


( 1 ) 


or — = 


2 . 

(a) r 

ib) s 


O' 


S' 


O 


(c) s 


S' 


O' 


£ F 


C D O 

Fig. 101. 

out lit waves, and if the front end of the first reaches B, these 
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waves would have occupied the length SB if the source were 
at rest, but now their total length is equal to S'B, so that their 
Avave length is changed and is shorter than A. The relatir^e 
velocity of sound with respect to the source is equal to (V— Vj), 
and 


S'B = (V~V2)/ 


Changed Avave-length = 


(V-Vg)t 

nt 


n 


The velocity of sound with respect to the observer remains 
unchanged, and in time t he receives waives whose total length 
is equal to Vf. 


No, of waves receiA’ed in timet= 


Vf 

V~V, 


Vt„ 

V-Vj 


>1 


Frequency of reception i'z~:rrzNJ~ (2) 

"i V 
n V-Va 

— Velocity of sound with respect to the observer 
Velocity of sound with respect to the source 


3. Medium in Motion. If the medium is moving Avith 
velocity W in the direction of sound and towards the observer, 
the velocity of sound with respect' to the source and observer 
becomes (V + W) instead of V, and the frequency of reception 
in the above two cases is obtained by replacing V by (V + W). 

4. Source, Observer, and Medium in Motion. Let all 
the three be moving in the same direction to the right. If 
in time f the source moves from S to S' and the medium moves 
through a distance CD equal to Wf, nt waves given out in 
this time would have occupied distance SC ( = Vt) if both the 
source and medium were at rest, S'C if the source alone were 
moving, and SD [ = {V+W)/J if the medium alone Avere 
moAung, but noAv they occupy length S'D equal to (V+ W—V„)f 
[Fig. 101 (c)]. 
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Changed wave-length- 


(V+W-V;) / 

nt 

(V+VV-V.) 


In this interval /, the observer moves from O to O' and the 
medium through a distance PF equal to Wt. Sound would 
have travelled distance OF equal to \7 if the medium were at 
rest, but due to the motion of the medium, it actually travels 
distance OF equal to (\’-f \Y)/. As the observer has moved 
through the distance 00' equal to \’i/, he has received in time 
t all the waves which occupy length O'F equal to + — Vj)/. 


or 


No. of waves received in time / = 


(V+\V-V i)/ 
New wave-length 


(V + \V-Vi)// / 
(V+W-Vs) 


Frequency of reception K = 


fV+W-V,);; 

(V4-\V-V,) 


N _ (V + W-V,) 
n (V+'W-Va) 

— Y ’elocity o f sound with respect to t he observer 
Velocity of sound with respect to the source 


Change in frequency = 


_ (V + W-V))» 
(V+W-Y„) 


(V2-Vi)» 

Y + W-Vz 


[If the observer moves towards the source, his velocity Vj is 
negative. When the obserr'erand thesource approach each other, 
the signs of their velocities are reversed after they have crossed.] 


Q. 119. Explain Doppler effect in Sound, 

The frequency of a whistle of a stationary engine is 
600. What is the apparent frequency of the whistle 
to passengers in a train travelling at 60 miles an hour 
before and after passing the engine ? {Punjab, 1935) 

Ans. See Q. 118 for Doppler effect. 
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Problem. Frequency of emission = 600 per second. 

Velocity of sound = 1100 ft /sec. 

Velocity of train = 60 miles/hr. = 88 ft /sec. 

, . 1100 11,^ 
\\.ve-lenglh = — =-fl. 

[a) Before passing the engine. 

^'^e!ocit5' of sound with respect to the observer 

= 1100 + 88=1 188 ft./sec 

. 1188 1188X6 

, .•. Frequency ot reception = -—7-= — 

11/6 11 

= 648/sec. 

(b) After passing the engine. 

'\''elocity of sound with respect to the observer 

= 1100-88=1012ft./sec. 

. ^ . . 1012 1012X6 

F requency of reception = -r-n: = — — — 

11/6 11 

= 552/sec. 

Q. 120, If a vibrating fork is rapidly moved towards 
a wall, beats may be heard between the direct and 
reflected sounds. Account for these, and calculate 
their frequency, if the fork makes 512 vibrations per 
sec. and approaches the wall with a velocity of 300 
cm. per sec. The velocity of sound may be taken as 
330 metres per sec. [Punjab, 1932) 

Alls. See Q. 119 for the change in frequency when the 
source is in motion. 

The tuning fork lies between the wall and the observer, 
and is moved towards the former and away from the latter. 
Therefore the waves going towards the wall are shortened, 
while those going direct towards the observer are draxvn out. 
The waves incident on the wall are reflected by it and are then 
received by the observer. Thus the observer receives two 
wave trains of different frequencies and beats are produced 
between them. 

Frequency of emission =512/sec. 

Velocity of sound ==330 metres/sec. 

Velocity of turning fork= 3 metres/sec. 
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{(t) Waves received directly. 

Velocity of sound relative to the fork — 330 + 3 

= 333 metres/sec. 
333 


Changed wave-length 


512 


metre 


Velocity of sound relative to observer = 330 metres/sec. 

330X512 

Frequency of reception = — —50/ 4/sec. 

(i>) Reflected waves. 

Velocity of the sound relative to fork =330 — 3 

= 327 metres/sec. 

Wave-length of incident and reflected waves 

327 


512 


metre. 


Velocity of sound relative to observer= 330 metres/sec. 

330X512 


Frequency of reception = 


327 


= 5l6’7/sec. 


Frequency of beats = 516‘7 - 507’4 = 9'3/sec. 

Q, 121. The whistle of an engine moving at 30 miles 
per hour is heard by a motorist driving at 15 miles per 
hour and estimated to have a pitch of 500. What must 
be the actual pitch of the whistle, to the nearest whole 
number, when — 


{a) the two are moving in opposite directions but 
approaching each other ; 

(h) the two are moving in opposite directions but 
away from each other ; 

(c) the two are moving in the same direction, the 
motorist being behind the engine ; 

(d) the two are moving in the same direction, the 
motorist being in front of the engine ? 

The velocity of sound may be taken to be 1200 ft. 
per sec. {Punjab, 1937) 
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Alts. Frequency of emission = 500/sec. 

Velocity of sound = 1200 ft./sec. 

„ „ engine = 30 miles/br. —'44 ft./sec. 

„ „ motorist = 15 miles hr. =-22 ft./sec. 

{a) Velocity of sound with respect to the source 

= 1200-44 =1156 ft./sec. 

Wave-length ~ 

Velocity of sound with respect to the observer 

= 1200 + 22= 1222 ft./sec. 
1222 

Frequency of reception = X 500 = 529/sec. 

1 155 

(5) Velocity of sound with respect to the source 

= 1200 + 44=1244 ft./sec. 
1244/ 


Wave-length 


500 


/ sec. 


^^elocity of sound with respect to the observer 

= 1200-22=1178 ft./sec. 

. ^ 1178X500 

.. Frequency of reception = — ^[2 ^. — “ +74/sec. 

(c) Velocity of sound with respect to the source 

= 1200+44= 1244 ft./sec 

.. Wave-length = ft. 

5UU 

Velocity of sound with respect to the observer 

= 1200 + 22= 1222 ft./sec. 
1222 

Frequency of reception = ' ^^^ -- X 500 = 491 /sec. 

{d) Velocity of sound with respect to the source 

= 1200-44=1156 ft./sec. 

.•. Wave-length = 

Velocity of sound with respect to the observer 

= 1200-22=1178 ft./sec. 
1178X500 


ft. 


.'. Frequency of reception 


1156 


• = 510/sec. 
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Q. 122. Write short notes on the following (^ 7 ) 
interference of sound waves, (6) beats, and (c) combina- 
tion tones. How can the existence of these phenomena 
be shown ? {Calcutta, 79 jO} 

Alts, [a) Interference. When two wave- trains of sound 
of the same wave-length simultaneously pass over a common 
region, they are superposed over one another, and each 
disturbs the distribution of energy due to the other. This is 
called interference. At some points the two waves arrive in the 
same phase and the resultant displacement is equal to the sum 
of the separate displacements due to the two waves, while at 
some other points they arrive in opposite phase and the 
resultant displacement is equal to the difference of the compo- 
nent displacements. If the amplitudes of the two waves are 
equal, in the first case the intensity of sound is Quadrupled 
while in the second case complete silence is produced. At 
other points the phase difference lies between 0 and - and the 
intensity of sound has different values between these extremes. 

Experiment. A vibrating tuning fork F is held over the 
projected end A of a branched tube, the length of whose right 



Fig. 102. 

arm can be varied and a tube attached to the other projected 
end C is held in the ear of the observer (Fig. 102). The waves 
produced by the fork are divided into two parts, travelling 
along the different paths ABC and ABD, and arrive at C in 
the same phase or opposite phase according as the difference 
of these two paths is equal to an even or odd multiple of half 
the wave-length of the waves produced. 

By drawing in or out the outer tube of the right arm, its 
length is decreased or increased and thereby any desired path 
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difference is produced. It is found that when the path difference 
is equal to half the wave-length, almost no sound is heard at C. 
That this silence is due to interference is proved by the fact if 
in this condition the left arm is closed with a stop cock S, sound 
is heard, and on again opening this arm the intensity of sound 
is reduced to a minimum. 

(b) Beats. When two sources of sound of slightly different 
frequencies are sounded together and near each other, a 
periodic fluctuation of the intensity of sound produced is heard. 
This rise and fall in the intensity of resultant sound is called a 
beat, and the frequency of the beats is equal to the difference 
between the component frequencies. 

Even if the two notes start in phase, they immediately get 
out of phase and the resultant displacement at a point becomes 
less than the sum of the two component displacements. The 
phase difference increases and becomes equal to rr when the 
note of greater frequency gains half a wave-length more than 
the other. At this stage the intensity of sound is the least. 
With further increase in phase difference the resultant dis- 
placement of the particle increases, and when the wave of 
greater frequency gains one wave-length over the other, the 
two displacements .are in phase, and the intensity of sound 
produced is the greatest. Again the intensity of sound 
decreases and the previous changes are produced. 

Experiment, Beats are heard when two tuning forks of 
slightly different frequencies and mounted on resonance boxes 
are sounded together near each other. By loading the prong 
of one of them with different amounts of wax or with same 
amount at different places, its frequency is varied and thus 
the frequency of the beats produced is also changed. 

(c) Combination Tones. See Q. 116. They are produced 
when two notes are sounded together very strongly. According 
to Helmhottz, when the displacements are large, the restoring 
force is not proportional to the displacement, and the principle 
of superposition does not apply. In such a case a simple 
harmonic force produces not only a simple harmonic vibration 
of its own frequency but gives rise to combination tones also. 

Experiment. When two notes of frequencies 512 and 768 
are strongly sounded together on a harmonium, a note of 
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frequency 256, which is equal to the difference between the 
frequencies of the two primaries, is also heard. It becornes 
distinctly audible if the note of this frequency (256) is first 
sounded and the ear is prepared for it, 

Q. 123. How will you show experimentally the inter- 
ference of sound waves? Apply this principle to explain 
the existence of silence zones in the neighbourhood of 
a powerful source of sound. [Punjab, 1929) 

Ans. Interference. See Q. 122 for showing experimentally 
the interference of sound waves. 

Silence Zones. When a powerful source is sounded, an 
observer in its neighbourhood receives not only sound -waves 
directly from it but also those reflected from some big surface 
and (he intensity of the two is almost the same. The distances 
travelled by these two sets of waves are different, and when 
they are superposed, interference is produced. They com- 
pletely reinforce or cancel out each other according as they 
arrive in the same phase or opposite phase. 

In the second case the path difference is equal to an odd 
multiple of half wave-length, and the observer hears no sound. 
If the observer moves towards or away from the source, sound 
is again heard. Its intensity increases and becomes maximum 
when the path difference becomes equal to an even multiple 
of half wave-length. This proves conclusively that the silence 
zone is due to the phenomenon of interference. 

Q. 124. Explain : — Free vibrations, forced vibrations, 
and resonance, giving an example of each. 

How is the principle of resonance used to analyse a 
complex note ? {Punjab, 1936) 

Ans. Resonance and Free Vibrations. If a body is dis- 
placed from its position of equilibrium and released, it vibrates 
with a definite period, which depends on its dimension, and is 
called its natural period or period of free vibrations. When a 
periodic force is applied to the body, it is set into vibrations 
whose amplitude and period depend on the period of the 
applied force and the natural period of the body. If the two 
periods are exactly equal, the applied force helps to increase 
the velocity of the body at each step of its vibration. Every 
new impulse adds to the effect of the previous impulses, and 
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the body vibrates with a very large amplitude. This is called 
the phenomenon of resonance, and as the period of vibration 
of the body is equal to its natural period, its vibrations are 
called free vibrations. 

''^.'-''Vibrations of large amplitude are also produced even if the 
applied force is intermittent but the interval between con- 
secutive Impulses is equal to, or is an integral multiple of, the 
natural period of the body. 

A turning fork is excited and held over a tube filled with 
water. By gradually lowering the level of water in it, the 
length of the air column is increased, and when its natural 
period of vibration becomes equal to that of the fork, sound 
of very great intensity is produced. Its intensity is much 
greater than that of the sound produced by the fork alone. 

Forced Vibrations. If the natural period of the body 
is not the same as that of the applied force, the body at first 
tends to vibrate with its own period ; but its motion is sometimes 
helped and sometimes opposed by the applied force, and, 
therefore, large amplitude is not developed. * After some 
struggle, the body begins to vibrate with the period of the 
applied force, and its amplitude, which depends on the applied 
force and the two periods of vibration, is small as compared 
with the case of free vibrations. Such vibrations which do not 
agree with the natural period of the body but are produced by 
the applied periodic force are called forced vibrations. 

When a tuning fork is excited and held in hand, the 
intensity of sound produced is low. It gives out energy at a 
sloxo rate, as very little of air is set into vibrations by its 
prongs, and even some of that which is disturbed slips round 
them. If its stem is pressed against a board, the board is 
set into forced vibrations. As the vibrations are now 
communicated to a much greater amount of air by the large 
surface of the board, a very loud sound is produced. 

Analysis o£ a Complex Note. A complex note is made 
up of two or more tones of different frequencies, and to analyse 
such notes Helmholtz used resonators. A resonator consists 
of a hollow vessel with a large opening at B and a small 
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B 


projecting end at A (Fig. 103). The air inside a given resonator 

has a natural period of vibration, and 
can resound to this particular 
frequency only. 

End A is held in the ear and the 
complex note to be analysed is allow- 
ed to play on B. If this note contains 
the particular frequency to which the 
resonator responds, this component is 
picked out, and sound of large 
intensity is produced. A set of many resonators, each responding 
to a different frequency, is used to find the different components. 

Q. 125. Explain the terms forced vibrations and 
resonance. Why should two tuning forks be very 
accurately in unison to show response while a tuning 
fork and an air column require to be only approximate- 
ly tuned ? {Punjab, W35) 

Alls. Resonance and Forced Vibrations. See Q. 124. 



While maximum resonance is obtained when the period of 
the applied force is exactly equal to that of the body to which 
it is applied, some effect is produced even when the two 
periods are not equal, and this depends on the rate at which 
the vibrations of the body die out. Mistuning has little or 
much effect according as damping is large or small. 

In resonance every new impulse is reinforced by all the 
previous impulses still effective. The vibrations of a tuning 
fork, due to its large mass and small frictional forces, die out 
I'ery slozaly. If the second tuning fork is not of the same 
period as the first, a new impulse is found to be in opposite 
phase to an early impulse, whose effect has not as yet 
disappeared, and the two neutralise each other. Thus the 
cumulative effect of the impulses is not obtained, and no 
resonance is produced unless the two forks are in unison. 


On the other hand, the vibrations of an air column die out 
quickly, and the cumulative effect of the impulses is not 
much. Even if the inducing tuning fork is nut of the same 
period as the air column, some resonance is obtained. When 
a new impulse arrives, it is not found in opposite phase to any 
one of the existing impulses, as the early impulses, to one of 
which it would have been in opposite phase, have already 
disappeared, and therefore it is not cancelled out. In this 
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case some mistuning is permissible, and the tuning should be 
so close that the existing impulses should be nearly in the 
same phase. 

Q. 126. Describe the action of a mouth-piece of, an 
organ flute pipe, and show that an open end pipe will 
produce sounds richer in overtones than a closed end 
one. {Punjab, 7937) 

Alls. Flute Pipe. Airis blown into the organ pipe at A 
(Fig. 10+). It rushes through the narrow slit B and issues from 


it in a thin sheet. Then it strikes the tapering 
sharp edge C, and due to some want of symmetry 
in the direction of the jet, or some other 
accidental circumstance, it is deflected slightly 
inward or outward and starts a feeble compression 
or rarefaction in the pipe. 

If a compression is started, it travels up the 
pipe and is reflected at the closed end D as a 
compression. When it comes back, it deflects 
C outward and is reflected as a rarefaction at 
this open end. As the air rushes out of the 
mouth to produce a rarefaction, it drives the 
jet of air coming from A outward. This causes 
drop in pressure and starts a rarefaction in the 
pipe which helps the reflected rarefaction. 

Interference occurs between the direct and 
reflected waves and stationary waves are set up 
in the pipe with a node at its closed end and an 
antinode at its mouth. The rarefaction is 
reflected as a rarefaction at D, and when it 
arrives at the mouth of the pipe it is reflected as 
a compression. At the same time the sheet of 
air is sucked in and a new compression is started- 
Thus if the vibration is once started, the energy 
of the air jet increases it until the rate of 
radiation of energy in the form of waves is equal 


D 



Fig. 104. 


to its rate of supply. If end D is open, a compression is 


reflected as a rarefaction and a rarefaction as a compression. 


and stationary waves are produced as before, but now there 


is a node at both the mouth and the open end of the pipe. 


Overtones of Closed Pipes. When a dosed end pipe 
gives out its fundamental note, it has an antinode at its mouth 
and the next node at its closed end, that is, its length is equal to 
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one 


fourth of the wave-length of the note produced [Fig. 105ia)]. 
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On blowing harder, over-tones 
are produced, in which 
additional nodes and antinodes 
are introduced between the 
node at its closed end and 
antinode at its mouth. 

The next possible mode of 
vibration is one in which one 
more node and an antinode are 
introduced, and this first over- 
tone is shown in Fig. 105 (b). 
Here the length of the pipe is 
equal to three-fourth of the 
)| ij \| wave-length of the note produc- 

il-A li Ha ed, and, therefore, the fre- 

(b) (c) quency of the this overtone is 

Fig. 105. three times the frequency of 

the fundamental note. The 
mode of vibration of the pipe in the case of the second over- 
tone is shown in Fig. 105. (c). In this case the length of the 
pipe is equal to five-fourth of the wave-length of the note given 
out, that is, the frequency of the note is five times that of the 
fundamental. Thus the frequencies of the overtones are odd 
multiples of the frequency of the fundamental note'. 

Overtones of Open Pipes. A 
When an open pipe gives out 
its fundamental note, there is.''' 
an antinode at its mouth and 
another at its open end with aj. 
node between them, and its 
length is equal to half the 
wave-length of the note pro- ' 
duced [Fig. 106 (a)]. The next 
possible mode of vibration of the 
pipe is shown in [Fig. 106 (6)], 
and here the first overtone is 
given out. The length of the ' 
pipe is equal to the wave-length 
of the overtone, and, therefore, 
the frequency of the first 
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over-tone is iiaice the frequency of the fundamental note, 
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The wave-length of the second overtone [Fig. 106(c)] is one- 
third the wav'e-Iength of the fundamental note and its frequency 
is three times that of the fundamental. Thus the frequencies of 
the overtones of an open pipe are an integral {both odd and 
even) multiple of that of the fundamental. 

As in the case of a closed pipe even overtones are absent, 
and the intensity of an overtone decreases with its order, the 
sound produced by an open pipe is richer in its overtones than 
that produced by a closed pipe. 


Q. 127. Explain with diagrams the nature of the 
vibrations of a tuning fork. What special features 
make it a valuable instrument in the scientific study 
of sound ? {Calcutta, 1931) 


Ans. Tuning Fork. A 
as a bent-rod whose free ends, 
vibrations due to its inertia 
and rigidity. In Fig. 107(n), 

/ a rod vibrates up and down, 
as shown by the dotted 
curves, with two nodes ' and 
two antinodes. The overtones '' 
are not harmonics, and the ' 
frequency of the first over- 
, tone is about 6'5 times _ that 
; of the fundamental. As the 
•rod is bent, ' the "two nodes 
come nearer together, and 
the different stages are shown 
in Fig. 107 (&), (c) and {d). 
In the final condition the two 
at the bases of the prongs and 


tuning fork may be considered 
when struck, execute transverse 



Fig. 107. 


nodes lie very near each other 
a stem is fixed between them. 


In the original rod, Fig. 107 (n), the free ends A move up and 
down together and, therefore, in the final bent condition the 
1 two prongs move inward and outward together, that is, tliey 
alternately approach and recede away from each other, while 
its base between N and N still vibrates ttp and doxon though 
to a very slight extent. Its pitch is raised or lowered accord- 
ing as its prongs or base are filed. In the first case its moment 
of inertia is decreased, while in the second. case its stiffness is 
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■ diminished. With rise of temperature, its size increases and 
'Vigiditj' decreases, and its pitch is lowered by about 0 01 per 
cent for 1°C rise of temperature. 

Special Features, i. When struck gently, it emits a note 
which is practically a pure tone and free from overtones. Any 
overtone produced dies away very quickly. If it is mounted 
on a resonance box, the tone produced is still more pure. The 
box has its own overtones, but excepting the fundamental they 
do not lie near the overtones of the fork, and, therefore, only 
the fundamental is strengthened, 

2. It can be excited electrically and thereby its sound can 
be produced for any length of time. 

3. Its frequency can be determined easily and accurately 
and can be both raised and lowered by any amount. 

Q. 128. Explain the working of the Kundt's tube 
in determining the relative speeds of sound in two gases, 
and mention the various other determinations which can 
be made with the help of Kundt’s tube. {Bombay, 1935) 

Aiis. Kundt’s Method. Two glass tubes, AB and CD, of 
about 4 cm. diameter and 2 metres length are supported in a 
horizontal position on wooden V blocks, and a rod EF, which 
carries at its end discs of slightly smaller diameter than the 
tubes, is fixed in the corks B and C so that one quarter of it is 
in each tube (Fig. 108). The outer ends of the tube are closed 
with pistons whose position can be changed by moving the 
tubes G and H. A hole is bored in the corks B and C for the 
exit of the gas that the tubes contain. 
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Fig. 108 . 

Before fitting the tubes with the pistons and rod they are dried 
by passing hotair through them. Thena f/i/ji layer of dry lycopo- 
dium powder is laid along the bottom of each tube and they are 
fitted with the rod and pistons. The tubes are then filled with 
the two thoroughly dried gases, in which the relative speeds of 
sound are to be determined, through the handle tubes G and H. 
A thermometer is laid along each tube to know the tempera- 
ture of the gas in it. 
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By stroking the rod EF at the middle with a damp or 
resined cloth longitudinal vibrations are produced in it with nodes 
f at B and C and antinodes at E and F and the middle of the rod. 
The discs E and F vibrate forward and backward and produce 
periodic longitudinal disturbances in the two gases. Starting with 
the pistons A and D at the extremities of the tubes, they are 
slowly moved inward until, due to resonance, gases are set into 
steady vibrations. The longitudinal waves formed in the gases 
are reflected at the outer pistons and form stationary waves 
which have a node at the pistons A and D and and an anti- 
node at the discs E and F. 

If the vibrations produced in the gases are sufficiently strong, 
lycopodium powder is agitated. It is cleared off from the 
antinodes and collects in parallel ridges at the nodes, and the 
middle of each ridge may be taken as the node. The distance 
between the end ridges is measured in each tube and by 
dividing it by the number of intervals the mean half wave- 
length, and therefore the mean wave-length, of the notes 
produced in the two gases is found. 

^ As the inducing rod is the same, the vibrations produced 
' in the two gases are of the same freguencies, and, therefore, 
the ratio of the velocities of sound in them is equal to the ratio 
of the respective wave- lengths of the stationary waves formed 
in them. 


Velocity of sound in A B_ Wave-length in AB 
Velocity of sound in CD Wave-length in CD 
[A better arrangement is to have the lycopodium line not 
at the bottom of the tubes but along its side. In this case 
when the gas resounds, the powder remains sticking to the tube 
at the nodes only and falls to the bottom at other places.] 
Other Uses. 1. The wave-length of the note produced 
in the rod is equal to its length, and thus the velocity of sound 
in it may be compared with that in either of the two gases. 

2. Knowing the velocity of sound in the rod and its densitj’-, 
the value of its Young’s modulus may be calculated from 

Velocity = 

V Density 

5. The velocity of sound in a gas is equal to 


/y X Pressure 
' — > 


where V is the ratio of its specific heat at - 


Density 
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constant pressure to its specific heat at constant volume. If 
the velocity of sound in the other gas is known, the velocity 
of sound in the first gas can be found, and combining this 
with the value of its pressure and density, the value of V for 
it may be calculated, 

4. By enclosing one of the tubes in an outer tube and 
passing steam through the latter, the temperature of the gas in 
the inner tube is raised and thus the temperature coefficient of 
the velocity of sound in the gas may be found. 

b. By filling one of the tubes with a transparent liquid, the 
velocity of sound in it can be found. But in this case instead 
of lycopodium a heavy pow'der, such as silica, is used. 

Q. 129. Explain the Stroboscopic method of finding 
the frequency of a tuning fork. In what way would you 
expect the rise of temperature to affect the frequency, 
and why ? {Punjab, 1930) 

Ans. Stroboscopic Method. A vibrating body appears 
to be stationary if it is either illutninated or seen intermit- 
tently at regular intervals such that all its positions at such 
intervals are indistinguishable from one another and the 
smallest interval at which the body appears to he stationary 
is equal to its period of vibration. 

The stroboscopic disc used for measuring the frequency of 
a tuning fork has a number of equally 
spaced narrow radial slits cut near 
its circumference (Fig. 109). It is 
mounted on the axle of an electric 
motor, whose speed can be gradually 
changed and accurately measured with 
a speedometer or a revolution counter 
and a stop watch. The tuning fork is 
placed behind this disc and close to it, 
so that it vibrates perpendicular to 
one of the slits and in a plane parallel 
to the plane of the disc. A telescope is focussed through this 
slit on a prong of the tuning fork which is strongly illuminated. 

The tuning fork is set into vibrations, and then electric 
motor is started with a very high speed so that the time taken • 
by one slit to go into the position of the next slit in front of 
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it is smaller than the time period of the fork. Every time 
a slit passes in front of the fork, its prong is seen through 
the telescope, and as it is seen more than 16 times pet' 
second, due to persistence of vision, it appear to be seen 
continuously. As the speed of rotation of the disc is gradually 
decreased, the prong appears to be vibrating more and more' 
sloxvly, and it appears to be stationary when the time taken 
by one slit to take the position of the one in front of it is 
exactly equal to the period of vibration of the fork. In this 
case every time a slit comes in front of the prong, it (prong) 
is exactly in the same position as last time. 

No, of slits in the disc=;;; 

No. of rotations per sec. = 

Time of one rotation = - sec. 

n 

.'. Time taken by one slit to take the position of the next 

in front= — — sec. 
m X n 

= Time period of fork. 

and Frequency of tuning fork = n)Xn per sec. 

This is the highest speed of the disc for which the prong 
appears stationary. On further decreasing the speed the prong 
appears to be vibrating, and once more it appears to be 
stationary when its speed is half of the previous speed for the 
stationary appearance of the prong. In this case in the time 
in which one slit moves into the position of the next slit in 
front of it, the prong makes ixvo complete vibrations and the 

frequency of the fork is equal to per sec., where n is 

the number of rotations noxv made by the disc in one sec. 
Similarly, whenever the speed is an integral sub-multiple of 
the speed, the time taken by a slit to occupy the position 
of the next slit in front of it is an integral multiple of the 
^'time period of the fork, and its prong appears to be stationar}-, 

■ Thus the experiment is repeated and the mean value of the 
result, is taken. 

Effect of Temperature. The frequency of vibration of’a 
tuning fork depends on its dimensions and elastic properties. 
It varies directly as the thickness of the prongs and the 
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square root of its elasticity and inversely as the square of the 
length of its prongs and the square root of its density. The 
effect of rise of temperature is to increase the size and decrease 
the density of the fork and lower its elasticity. The last 
effect is the most important, and, therefore, the frequency of 
the fork decreases. 


Q. 130. Describe the application of any two of the 
following for the determination of the pitch : — 

{a) The stroboscope. 

[b) The falling plate. 

(c) The chronograph. [Punjab, 1939) 

Alts, [a) Stroboscope. See Q. 129. 

(h) Falling Plate. A smoked glass plate is suspended by 
a thread in a vertical position, and the tuning fork whose 
frequency ii is to be found is mounted in front of it. The 
fork carries a fine aluminium style which touches the plate 
lightly, and vibrates along a horizontal line when the fork is 
excited by drawing a violin bow across it. 

The fork is set into vibrations and the thread supporting the 
plate is burnt so that the plate falls freely under the action of 
gravity. The style traces a wavy curve on the plate, and as 
its motion is accelerated, the curves become more 
and more elongated (Fig. 110). 

Let AB and BC be equal to c/j and d^ respec- 
tively and II be the velocity of the plate when A is 
in contact with the style and g be the acceleration 
due to gravity. If they contain the same number of 
waves, say, m, time t taken by the plate in falling 
from .A. to B is the same as that for falling from 
B to C. 

•. d\= utf-hgt^ 

or 2di=Zut + gf- (1) 

^rid d\3rdi=ii[2t)-\-\g{2tY 

=^2iit + 2ge .... ( 2 ) 

Subtracting (l) from (2), we get 

d.-d,=gt^^g{’^ 
as t is equal to — • 


Fig. 110. 


n 


or 


(-)= — 

\in 1 di — di 
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(c) Chronograph. A smoked paper is wrapped round a 
hollow cylinder D which is mounted on an axle with a screw 
thread, and, therefore, when the cylinder is rotated it moves 
forward or backward (Fig. 111). The tuning fork F whose 
frequency is to be found has a fine aluminium style S attached 
to its one prong in such a way that when the fork is vibrated 



Fig. 111. 

and the cylinder is stationary, it traces a line on the cylinder 
parallel to its length. 

When the cylinder is rotated, the style, which presses 
lightly on the smoked paper, traces a wavy curve on it. .As 
the cylinder moves forward or backward also when it rotates, 
the curves for different rotations do not overlap. 

In order to' measure time, the fork is attached to one end of 
the secondary S of an induction coil the other end of S being 
connected to the axle of the cylinder. The primary coil P is 
connected to the axis of suspension of a pendulum on one side 
and on the other to a small metallic cup C through a battery 
B. The metallic cup is full of mercury, and every time the 
pendulum passes through its normal position, its lower end A 
touches the mercury surface momentarily. .At each break, a 
heavy induced current is produced in the secondary and a dark 
spot is formed on the paper. 

Thus by counting the number of waves between two cause' 
cutive spots and dividing it by half the time period of the 
pendulum the frequency of the fork is obtained. 
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Q. 131. Explain the sensation produced when two 
notes sounded together are in unison and of 
frequency 512. per sec., and then the frequency of 
one of them is gradually increased until it is an octave 
above the other. Examine the consonance of the 
important intervals, 

Ans. Consonance and Dissonance, When two notes 
of the same frequency are sounded together, they produce 
consonance or an agreeable sensation, because not only their 
fundamentals but harmonics also are in unison. On increasing 
the frequency of one of them dissonance is produced, and it 
is due to the beats between the two notes. No unpleasantness 
is felt if the number of beats per second is upto 4. With 
greater number the sensation becomes disagreeable, and it 
becomes most unpleasant for 32 beats per second for one of 
the notes being of frequency 512 per second. This corresponds 
to an interval of semitone. 

The jarring effect decreases thereafter and ceases to be 
disagreeable for 85 beats per second, which corresponds to an 
interval of minor third. For notes of higher frequencies the 
maximum jarring interval is -less than a semitone, and for 
lower frequencies more than a semitone. Owing to combina- 
tion tones, a slight unpleasant sensation is produced near the 
fifth and more near the octave. 

Consonance of Various Intervals. In the following 
discussion it is assumed that (l) harmonics are present, (2) 
the intensity of an harmonic decreases with its order, and (3) 
only the first six harmonics, including the fundamental, need be 
considered. 

{a) Major Third. The two frequencies are in the ratio 
of 4;; to 5n 

4u 8/1 }2n 16// 20// 24// 

5// lOn I5n 20 n 25// 

There is beating of a semitone between the fourth harmonic 
of the lower note and the third of the upper- The sixth of 
the lower and fifth of the upper also produce slightly unplea- 
sant sensation due to beats but the interval is less than a 
semitone. These two intervals are xoeak and, therefore, the 
amount of discord is not great. 
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(6) Fourth. The two frequencies are in the ratio of 3n 
to 4«. 

3;; 6n 9n \2n \5n 18;? 

4;; 8?; 12;/ 16;; 20;i 

The fifth hormonic of the lower note and the fourth of the 
higher give a semitone interval, but the discord introduced is 
not much. The third and sixth of the lower give a tone 
interval with the second, and fourth and fifth of the upper 
respectively. 

(c) Fifth. The two frequencies are in the ratio of 2n 
to 3;;. 

2;; 4;; 6;; 8?/ 10;; 12;; 

3;; 6;; 9;; 12;; 

In this there is tone (f, tu) beating between the third harmo- 
nic of the higher and the fourth and fifth harmonics of the 
lower. The concord is not perfect, but the discord is not much. 

{d) Major Si.xth. The two frequencies are in the ratio of 
2)11 to 5;;. 

3fi 6;; 9;; 12;; 15;; 18;; 

5;; 10;; ' 15;; 20;; 

Here there is a tone beating between the third of the lower 
and second of the higher, and sixth of the lower and fourth of 
the higher. This does not introduce much discord. 

(e) Octave. The two frequencies are in the ration of ;; to 2;;. 
;; 2;; 3;; 4;; 5?i 6;; 

2n 4;; 6;; 

In this case there is complete unison, as all the harmonics of 
the higher note are coincident with the even harmonics of the 
lower note. In fact the octave introduces no new note. 

Q. 132. Explain what you understand by the musical 
interval between two notes. What intervals are 
used in the diatonic major scale. What is tempera- 
ment, and why is the tempered scale used in keyed 
instruments ? {Calcutta, 1932) 

Alls. Musical Interval. The ratio of the frequencies 
of two notes' is called the interval between them. If the 

frequencies of three notes are lu, tis, and its, — > — and — 

ns 11} ■ 11} 
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are the intervals between first and second, second and third, 
and first and third respectively. The interval between first 
and third is equal to the product of the intervals between 
first and second, and second and third, and not their sum. 
The special importance of this ratio arises from the fact that 
when two notes are sounded together, the pleasantness of their 
combined sensation depends on the ratio of their frequencies 
and not their difference. 


Diatonic Scale. The lowest integers giving the frequencies 
of the consecutive notes of diatonic scale are 24, 27, 30, 
32, 36, 40, 45 and 48, though an 5 ' particular note may have 
any frequency. 


CDEFGAB c 
Frequencies 24 27 30 32 36 40 45 48 


Intervals 
The three 


9 IF 16 9 

8 9 15 8 

intervals used are|> 


10 9 ^ 

9 8 15 

and ~ and they are 


called major tone, minor tone and semi lone respectively. 
The first is greater than the second, and the third 'S 

nearly half {square root) of the first and second. 

Temperament. The intervals between the successive 
notes of the diatonic scale are neither equal nor do they 
recur in the same order. In modern music it is necessary, 
for the sake of variet}' and to avoid monotony, to use scales 
having different tonics or first keys, but the scale with a 
definite set of notes can onlj’ suit music with a 
key as the tonic. If instead of C as tonic some other key, 
say D, is used as a tonic, the ke 3 's of the old scale do not give 
frequencies of the new scale, as is clear from the following 
table giving the relative frequencies of the two scales. 

Old Scale 24 27 30 32 36 40 45 48 

New Scale 27 30’4 33'8,36 40.5 45 50‘6 54 


Every new tonic requires the addition of more new keys, 
and if this is followed the instrument becomes cumbersome. 
On the other hand, if new keys are not added, with a new 
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tonic the old keys give dissonance. Moreover, the tonic 
should be of such a frequency as would bring the composition 
of music within the limited compass of the given instrument. 
In the case of instruments where no fixed keys are used, 
this difficulty does not arise as the operator can easily 
change the tonic and adjust other notes. 

In order to overcome all these difficulties in the case of 
keyed instruments, a compromise is effected and intervals 
of the true scale are tempered so that its notes serve 
equally well all the scales with different tonics. This" 
method of adjusting the notes of the scale is called 
temperament. See Q. 133 for scale of equal temperament, 
where the major and minor tones are broken into two 
intervals and all the intervals are made equal. 

Q. 133. Distinguish between the Diatonic Scale 
and the scale of Equal Temperament, and show how 
each has been built up. {Punjab, 1939) 


Alls, Diatonic Scale. The consonant intervals between 
a note and its octave are octave fifth fourth 

major third major sixth and the integers 

giving the relative frequencies of the corresponding notes 
are : — 


24 30 32 36 40 48 

The interval between the first two and the last two is too 
large and is bridged by adding one more note in each gap. 
The nearest consonant note to the tqnic (24) is the fifth (36), 

and the upper gap is filled by the third (36X^ = 45) of this 


fifth, while the lower gap is filled by the fourth below 

3 

(36 X - = 27) this fifth, or one octave below the fifth of this 


fifth ( = 


36Xf 

2 


27). 


These two notes are not directly related to the keynote, 
but are closely related to the fifth, which is very closely 
related to the keynote, and the ratio of the frequencies of 
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the notes of the full scale are given b 3 ' 

24, ■ 27 30 32 36 40 45 48 

This scale is composed of notes which stand in simple 

relation to one another and give the widest possibilities of 
consonance. 


Scale of Equal Temperament, While the diatonic scale 
comprises most consonant intervals, its scale of definite 
notes suits only music with the first note as the tonic or 
ke}mote, and, therefore, does not allow any modulation or 
change of keynote. In the scale of equal temperament, the 

9 10 

big intervals of tones ^ and — are broken into two 

o 9 


intervals, and the interval of an actave is divided into 12 
ejjiial intervals. If the frequency of the lowest note is n, 
the frequencies of the other notes of the scale are : — 

ii(2)* ..(2)^'^ n(2) "" n(2)r^,n(2r^“^,n(2)* n(2)* 

}i(2)^", and 2«. 

These numbers form a geometrical series, and any key 
may be used as the tonic. The common ratio is equal 

2^" = r0595 and differs slightly from the semi-tone, which 

is equal to ^ = r057. 


The relative frequencies of the notes of the two scales are 
given below ; — 



c 

C' D 

D' 

E F 

F’ G G' 

Diatonic 

1-000 

— 1-125 

— 

1-250 1-333 

— 1-500 — 

Tempered 

rooo 

r059 VI 22 

riS9 

T260 1-335 

1-414 1-498 1-587 


A 

A' 

B 

C 


Diatonic 

1-667 

— 

I'S/o 

2-000 


Tempered 

1-682 

1-782 

1-888 

2-000 



Thus this tempered scale gives not onlj' perfect freedom 
of modulation, but as the frequencies of its notes are almost 
the same as those of the true diatonic scale, thej^ do not 
give disagreeable beats when they are sounded together, 
aloreover, the number of notes to an octave is not incon- 
venient. 



PART V 

MAGNETISM 

Q. 134. Give a short account of the molecular theory 
of magnetism, and explain in a general way — diamag- 
netism, paramagnetism, and ferro-magnetism. 

How are diamagnetic and paramagnetic substances 
distinguished experimentally ? {Punjab. 1935) 

Alls. Molecular Theory. According to the molecular 
theorj' of magnetism, magnetic substances consist of small 
minute particles which are themselves magnets. These 
particles are called tnaguelic molecules, and each has a 
north pole and a south pole. When a magnetic substance 
does not exhibit magnetic- field, its magnetic particles form 
almost closed chains, the effect of polarity of one being 
neutralised by the opposite polarity of the next particle, and so 
on. When a magnet is brought near this magnetic substance, 
its particles re-arrange themselves. Under the action of the 
magnetising force the chains are opened, and the end particles 
exhibit free magnetism. As the strength of the magnetising 
field is increased, magnetic particles are turned more, and 
more in the direction of the magnetising field until the 
saturation stage is reached. In this condition all the magnetic 
particles lie with their axes parallel to the magnetising field. 

Paramagnetic and Diamagnetic Substances. All 
the magnetic substances are divided into classes, paramagnetics 
and diamagnetics. The permeability of the paramagnetic 
substances is greater than one, and their susceptibility is 
positive. When they are placed in a magnetic field, they 
set themselves along its lines of force, and tend to go from 
the weaker part of the field to its stronger part. The near 
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end of a paramagnetic substance develops opposite polarity 
to that of the inducing magnet, while its farther end becomes 
a similar pole. 

Of all the paramagnetics, iron, cobalt, and ^chel exhibit 
very strong magnetic properties, and are given the special 
name of ferromagnetic substances. Other paramagnetics do 
not even make a near approach to their strong properties. 
Their’ permeability and susceptibility are not constant, but 
depend on the strength of the magnetising field and tempera- 
ature. 

The diamagnetic substances are also magnetised when 
placed in a magnetic field, but the polarity of their near ends 
is similar to that of the inducing magnet, and magnetism 
induced in them is feeble as compared with paramagnetic 
substances. They set themselves perpendicnlar to the lines 
of force of the magnetic field and tend to move from its 
stronger part to its weaker part. Their permeability is less 
than one and their susceptibility is negative. 

Experimental Test. Whether a magnetic substance is 
a paramagneticor a diamagnetic is found from its behaviour in 
a strong magnetic field. If a rod of the substance is suspended 
freely between the pole pieces of a very strong electromagnet 
and the current is switched on, it sets with its length along 
its lines of force or perpendicular to them according as it is a 
paramagnetic or a diamagnetic. 

Moreover, a paramagnetic is attracted by a magnet, while 
a diamagnetic is repelled by it. Here again a very strong 
magnet has to be used to make the repulsion of the diamag- 
netic substances appreciable. 

Q. 135. Define intensity of magnetisation, and 
magnetic susceptibility. A bar of steel of length 
23 cms. breadth r2 cm and thickness 0 5 cm. is placed 
in a magnetic field of 7'5 gauss and parallel to its 
length. Find the magnetic moment of the bar, if the 
permeability is 640. , [Punjab, 1929) 

Alls. Intensity of Magnetisation. The intensity of 
magnetisation of a magnet is its pole strength per unit 
area of its ends or its magnetic moment per unit volume. 
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Susceptibility. The susceptibility of a magnetic material 
is equal to the ratio of the intensity of magnetisation produced 
in it divided by the strength of the inducing magnetic field. 

Problem. The permeability /y, and susceptibility k of a 
magnetic material and its intensity of magnetisation I, when 
magnetised by a field of intensity H, are related by 

/y= 1 +4;7 s 

or /yH = H + 47rI 

Here /i.= 640, and H —7‘5 gauss 

640X7’5 = 7'5+4-I 

640 X7‘5-7‘ 5_ 4792 
4X3T42 ' ~]2’57 

Breadth of magnet =1*2 cm. 

Thickness of ,, =0‘5 cm. 

.■Irea of each end =r2x0'5 = 0'6 sq. cm. 

4792 

Pole strength = X 0 6 C.G S. units. 

1 ^ 0 / 

Length of magnet=23 cm. 

4792 

Moment of the magnet = x 0 6 X 2 3 

1 « O / * 

= 5262 C.G.S. units 

Q. 136. Describe the action of a magnet in («) 
uniform, (’6) non-uniform, field. (P. U. 1937) 

Ans. [a) Uniform Field. In a uniform magnetic field 
■both the magnitude and direction of the magnetic intensity 
are the same. Therefore, as the poles of a magnet are always 
of equal strengths, when it is placed in a uniform magnetic 
.field, its poles experience forces which are equal, opposite 
and parallel to one another. 

In Fig. 112 a magnet NS of pole strength m and length 2/ 
is placed with its axis inclined af angle 0 to a uniform field 
of intensity H. Its north pole N is acted on by a force «;H 
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parallel to, and in the direction of, the field, while its south 
pole S experiences an equal force in the opposite direction. 
These two forces form an anti-clockwise couple, which tends 

to rotate the magnet and set it 
parallel to the field, and its 
magnitude is equal to ;wHX2i 
sin 0 = MH sin B. 

The two forces being equal and 
opposite, their resultant is equal to 
zero, and as no other force, due to 
the field, acts on the magnet, it 
has no motion of translation. 
Thus the magnet simply tends to 
turn round and set itself with its 
axis parallel to tbefield. 

[b) Non-Uniform Field. In 
a non-uniform field, the magnetic 
intensity changes, in magnitude 
and direction, from point to point. 
The two poles of a magnet placed in it experience unequal 
forces, and they not only tend to rotate it but also tend to 
move it bodily. 

Suppose the non-uniform field is due to a fixed magnet N^Si 
and a magnet NS is placed in it (Fig. 113). Pole S ex- 
periences forces due to poles N] and S, ; they are represented 
by SA and SB respectively and 
their resultant is represented by 
diagonal SC of the parallelo- 
gram SBCA. Similarly, pole N is 
acted on by forces given by NE 
and ND, and their resultant is 
represented by the diagonal NF 
of the parallelogram NEFD. 

Produce lines FN and CS and 
from O draw perpendiculars OG 
and OH on them. 

T. he forces exerted on N and S are neither equal nor 
opposite, and they can he resolved into a couple and a trans- 
iatory force. The couple tends to rotate NS, while due to 
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the resultant force, it moves bodily towards SjNj (or stronger 
part of the field) and set itself as near to it as possible. 

If NS is pivoted at O, the pivot there resists its translatory 
motion. It simply rotates and sets itself in a position in 
which the moments of the forces on its poles about the pivot 
at O are equal and opposite, that is, 

NFxOG=SCxOH. 


Q. 137. The intensity of a magnetic field is equal to 
the rate of change of the magnetic potential with 
respect to distance. Prove this statement. Find an 
expression for the potential at a point due to a short 
magnet and hence derive the intensity of the field at 
that point. {Bombay, 1934) 

Alts. Magnetic Intensity and Potential. The magnetic 
intensity, F, at a point is equal to the force experienced by a 
unit north pole placed there, and work has to be done in 
moving the north-pole against this force. As the magnetic 
intensity changes with position, the magnetic force to be 
overcome does not remain constant, but for a very small 
distance dx in its direction it remains practically unchanged. 
The potential difference between two points being equal to 
the amount of work done in carrying a unit north pole from 
one point to the other, its value rfV for the distance dx is 
given by 

d\'=-V.dx ■ ■ 


The negatiye sign indicates that as .v increases V decreases, 
and vice versa. Thus the magnetic intensity at a point in 
any direction is equal to. the rate of change of potential .there 
with distance in that direction. 

Potential due to a Small Magnet. Consider a small 
magnet NS of pole strength /;/, length 21, and magnetic 
moment M, and a point P at a great distance .r from the 
middle point O of the magnet, so that OP makes 26 with ON 
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(Fig, 114), From N draw ND perpendicular on OP, so that 
, OD = I cos 6. As .V is very great as 

compared with I, NP and SP are 
practically equal to (.v — I cos 6*) ^ and 
(.v + Z cos 6/)' respectively. 



Potential at P due to north pole = 


ni_ 

NP 


111 


(a- — I cos O) 

Potential at P due to south pole 


(a- + Z cos O) 

• Resultant potential of P 

in in 

(a--/ cost/) Cr+Zcost/) 

_ iii(.x + l cos 6/)-a--f Z cos B) 

(a-^ - Z^ cos ^6) 

= U 

x^-l- cos^ 0 


_ M cos 0 

x" ’ 

as Z being very small as compared with a, fcos'ti is negligible 
as compared with x'. 

Magnetic Intensity. The magnetic intensity at a point 
in any direction is equal to the rate of change of potential 

V there with- distance x in that direction and is given by — 

dx 

The magnetic intensity F in the direction OP is obtained by 
differentiating V with respect to a" {6 constant). 

,, d ( M cos 0\ 

2IiI cos 0 


( 2 ) 
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This is represented by PA, a line in continuation with OP. 

The magnetic intensity 1%, in a direction perpendicular to 
the first and along the tangent to the circular arc at P and 
of radius OP is equal to the differential coefficient of V with 
respect to y in which direction x is constant but 6 changes. 

P ^ / M cos 

’’ dy \ x~ / 

_ M sin 0 _ ^ 
dy 


M sin & 


[as .V. dO, \s=dy. 


This component is represented by PB. 

The resultant intensity at P is represented by the diagonal 
PC of the rectangle PACE and is inclined at angle fi to PA 
or OP such that 

,, AC M sin 

tan A-pA-_.^.3^2Mcos6f ^ 


tan 6> 
0 


or 


fi= tan * 




Kesultanl Intensity at P= ■ 

= ^ v/ 4 cos*0+sin^0 
.r 

=^A^rT3 cos^ e 

Q. 138. What is a magnetic shell ? Find the value 
of potential due to it at a given point. {Punjab, 1936) 

A ns. Magnetic Shell. It is a ///<« sheet of a magnetic 
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material magnetised at everj' point in a direction nonnal to 
yp the shell there (Fig. 115). Its one 
face, say upper, is entirely a 
north pole, and the whole of the 
other face exhibits south 
magnetism. As the shell may ' be 
curved, the direction of the 
normal to it dicinges from point 
to point and so does the direction 
of its magnetisation. Its intensity 
of magnetisation I is equal to its pole-strength per unit area, 
and its strength 0 at any point is measured by the product 
of the intensity of magnetisation I and thickness t at that 
point, or by its magnetic moment per unit face area there. 
This (juantity fstrength) is independent of the size and 
shape of the shell. 

Potential at any Point. Consider a very sntctll element 
(shaded) of area 6A and magnetic moment 6M, and join its 
middle point O with point P where potential is required. If OP 
makes angle (J with the normal ON, which is along the 
magnetic a.xis at 0, then as shown in Q. 137 the potential at P 

due to the shaded element is equal to-"^“ The shaded 

element is not perpendicular to OP, but as the angle between 
two areas is equal to the angle between their normals, the 
effective part of <5.A perpendicular to OP is equal to SA cos 0, 
and this effective area divided by OP" is equal to the solid 
angle dw subtended by the shaded area at P, 


a 



Pig 115. 


Potential-at P = 


oM cos B 
OP- 



oA co s U 
OP- 


— P. ow 

If the whole shell is of uniform strength ^ and subtends 
solid angle m at P, 

Potential at P=0<.j. 
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Q. 139. Find the potential due to a magnetic shell at 
a point close to one of its faces. How much work will 
have to be done in carrying a unit north pole from 
one face to the other ? [Punjab, 1935) 

A ns. See Q. 138. It is shown there that the potential 
at a point due to a magnetic shell of uniform strength 4> is 
equal to 4>m, where i,> is the solid angle subtended by the shell 
at that point. When the point is x’cry close to one of the 
faces of the shell, the solid angle i/i is practically equal to 2—, 
so that the potential at it is equal to 2:r.(/). 

The potential difference between two points in a magnetic 
field is equal to the amount of work done in carrying a unit 
north pole from one point to the other. As the change of 
solid angle in going from a point on one face to a point on the 
other is equal to -1~, the amount of work done in carrying a 
unit north pole from one face to the other, outside the shell, 
is given by 4r</). 


Q. 140. Prove that the intensity of the magnetic 
field due to a small magnet of magnetic moment M at 
a point situated d cm, from its middle point on a line 
making an angle 0 with the axis of 
the magnet, is 
M 
d' 


jts 3cos-^+l 


[Punjab, 193‘l) 


A ns. Magnetic 
any point. Let 
at a great distance 
O of a small magnet NS, 
OP is inclined at angle 0 


Intensity at 
P be the point 
d from the middle 
.so that 
to ON 


(Pig. 116). The magnetic intensity at 
a large distance d from the middle of 
a small magnet of moment M is equal 

2M M . 

to -,3 or -T- according as the point is 

d d 

on the a.xis or equator of the magnet. 

(See Q. 141, taking ;; = 2). As the 
moment of a magnet is a vector 
quantity, its component along OP is 
the .second rectangular component in a perpendicular direction 
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^282 is equal to M sin 9. In other words, magnet NS is 
equivalent to two magnets, NiSi of moment M cos 9 and N 2 S 2 
of moment M sin 9, 

Point P is on the axis of NiSi and on the equator of N 2 S 2 . 

r- 2 M cos 6* , „„ fi\ 

Intensity at P due to NiS]= ^5 along OP . . . U/ 

This is represented by a line PA in continuation with OP. 

Intensity at P due to N 2 S 2 = - parallel to N 2 S 2 . (2) 


This intensity is perpendicular to the first, and is re- 
presented by a line PB drawn parallel to N 2 S 2 . Their 
resultant is represented by the diagonal PC of the rectangle 
PACE, and is inclined at angle /? to PA or OPA. 




Resultant 


, . ./ /2U cos 9\^ ./ 

Intensity = \/ ^ — j +[■ 


M sin g 

1 


and 


— 4 cos^^ + sin^^ 

a 

'^3 cos^04' 1 

, „ AC M sin 9,d'^ 


tan 0 
•2 


or 


li — i&n ’ 



Q. 141. How did Gauss prove that the force between 
two magnetic poles varies inversely as the square of 
the distance between them ? {Calcutta, 1930) 

Alls. Gauss’s Proof of Inverse Square Law. If the 
magnetic force between two magnetic poles varies inversely 
as the nth power of the distance between them, the magnetic 
intensity at a point at a distance d from a pole of strength in 

IS equal 1° ^ * ' Lst a point P be on the axis of a small magnet 
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NS of pole strength in, length 21, and magnetic moment M 
(Fig. 117). If P be at a large distance ci from the middle 
point O of the magnet, then NP=(rf — /), and SP = ((i + 0- 

.‘\r I is very small as compared with d, is a very small 

d 

quantity, and its higher powers are negligible, .so that 


and (d+l)^‘ = d^‘^l -h 


Intensity at P due to north pole = 


nZi. 


Fig 117. 


m 


Intensity at P due to south pole = 


(d-l)” 

_m 

d>’( 1 - - 
111 


along NP 


(d+iy‘ 

III 

d 




along PS. 


As these two intensities are along the same line but in 
opposite direction.s. 

in in 


Resultant intensity Fj at P = 




( 


in Id- 


Ill 


-1) 


(-f) 


d 

in X 2nl 


■ f) 

= along NP 


(I) 
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as is negligible as compared 

with 1. 

When the point P is on the equator 
of the magnet, its distance from the 
two poles is the same and equal to 

= D (Fig. 118), 

'III 

Intensity at P due to north pole = ^ along NP. 

i'll 

.. ,, south poIe=^ along PS. 

These two intensities at P are equal and, may be represen- 
ted, in magnitude and direction, b}' NP and PS respectively 
taken in order. Then, according to the law of triangle of 
forces (intensities), their resultant intensity Fa at P is repre- 
sented by the third side NS of the triangle NPS taken in the 
opposite order. 



NS 


D” 

NP 
»; X 21 

D’l+J 

M 

^ 1 

M 


/ /2 yit 1 


M 




1 + 




M 


along PA parallel to NSN; . 


(2) 
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a-s 


(>; + !)/- 
2d^ 


and other terms are negligible as compared with 1. 


Thus with a small magnet, the magnetic intensity at a point 
at large distance on its axis is n times its value at the same 
distance on its equator. 


If with a deflection magnetometer the deflections produced 
by this magnet in the "end on ’’ and “ broadside on " positions 
are equal to and 0a respectively, and H is the horizontal 
component of the magnetic field of the earth, 

Htan0,-F, = ;^^ (3) 


and H tan , ■ 

a 

Dividing (3) by the corresponding sides of (4), we get 
t an 0i _ F|_ 
tan 0a Fo 


. (4) 
. (5) 


But experiment shows that tan 0i/tan (k is equal to 2. There- 
fore u is equal to 2, tliat is, the force between two magnetic 
poles varies inversely as the square of the distance between 
them. 

Q. 142. What factors determine the time of oscilla- 
tion of a magnet when free to swing in a horizontal 
plane ? Obtain mathematically an expression for the 
period of an oscillating magnet. 

Two bar magnets are placed one above the other and 
suspended so as to oscillate in a horizontal plane. 
When the like poles of the two magnets are together, 
the period of swing is 12 secs., and when the unlike 
poles are together, the period is 16 secs. Compare the 
magnetic moments of the two magnets. {Bombay, 1927) 

A us. When a magnet is free to rotate in a horizontal 
plane and about a vertical axis and oscillates about its normal 
position in the magnetic meridian, its time of oscillation 
depends on its magnetic moment M and moment of inertia K 
about the axis of oscillation and the horizontal component H 
of the earth’s field, 
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When the magnet is turned through a very small angle 6 
radian out of the magnetic meridian, its poles of strength m 
experience equal, parallel and opposite forces, each being equal 
to m H (Fig. 112). They tend to restore the magnet to its 
original position in the magnetic meridian, and the restoring 
couple is equal to MH sin 6. 


Angular acceleration = 


MH .sin & 
K 


_ MH e 
K ' • 


as 0 being very small, its sine is practically equal to its radian- 
measure. Therefore, the motion of the magnet is simple 
harmonic, and its time period t is given by 


t = - 


2a- 


< /MH 

V 


-= 2 - 



MH 


Problem. If Mj and Ms are the magnetic moments of the 
magnets and Kj and Kj are their respective moments of 
inertia, the resultant magnetic moment in the first and second 
cases is equal to Mi -h Mo and Mi - Ms respectively, while in 
both rases the total moment of inertia is equal to Kj+K... 

12 = 2- \/ Ki + Ki 

y (Mj-pmo)h 


16 = 2ir 



Ki-fKo, 

(Mi-Mo)H 


• 15== \ / Mi-fMo 

12 V' Ml -Mo 

256 _ Mi-hM-, 

144 M,-Mo 

256 M, - 2561M2= 144 M 3 + 144Mo 
I12Mi = 400Mo 
Ml _ 400 

Mo 112 

= 25 
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Q. 143. Define what is meant by the moment of a 
magnet and give a method of determining it. 

Prove that the magnetic length of a bar magnet is 
^ rff/ fan tan 

2 J ■ "■ *' “■= 

tions of the magnetometer needle at distances dx and d^ 
from the centre of the bar. {Bombay, 1929) 

Ans. The effect of a magnet at an external point is deter- 
mined by its magnetic moment, which depends on its pole 
strength and length. It is a measure of the restoring couple 
which it experiences when it is placed inclined to a magnetic 
field and is equal to the product of its pole strength and the 
distance between its poles. 

Determination of the Moment of a Magnet. A 
magnet of moment M is placed horizontally in a stirrup, 
suspended by a vertical thread, in a box with glass sides. 
When the magnet lies in the magnetic meridian, there should 
be no torsion in the thread. Another magnet is slowly brought 
near the glass box, w'ith its one pole pointing towards a similar 
pole of the suspended magnet, so that, the latter is slightly 
rotated about the suspending thread. When the outside 
magnet is carefully removed, the suspended magnet begins to 
rotate back, under the restoring couple (MH sin f)) due to 
the field of the earth, with increasing speed ; but, owing to its 
inertia, it does not stop in its normal position. It continues 
to move on the other side, with decreasing speed, until it 
comes to rest at the other extreme. It then moves back, and, 
if its amplitude be small, it vibrates , with a definite time 
period i given by the equation 



MH 


where K is the moment of inertia of the magnet about the 
axis of suspension and H is the horizontal component of the 
magnetic field of the earth. From the time of a large number 
of vibrations, the time of one vibration is calculated. The 
above equation may be put in the form 


MH 


MH = 




or 


(1) 
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The value of K is fouud from the mass of the magnet and 
Its length and breadth, 

A deflection magnetometer is arranged with its arms hori- 
zonta perpendicular to the magnetic needle, that is, 

perpendicular to the magnetic meridian. The same magnet, 
as used m tne vibration magnetometer, is placed on the east 
in o e eflection magnetometer, with its north pole pointing 
as an its middle at a distance d from the middle of the 
magnetometer needle, and the deflection of both- the ends of the 
nnr?h 'f ^ magnet is turned round, so that its 

re-id ends of the pointer are 

wesf orn, nervations are repeated with the magnet on the 

distanr,^ ^ ^ juagnetometer, with its middle at the same 

distance d from the magnetometer needle. 

miLe^tic^?f.n^d readings and 21 the 

rragnetic length of the magnet, the intensity F of its magnetic 

Mi the magnetic needle in egual to perpendicttinr 

lo Se toS^ompSent'^ £ eanh"5 

.-. tan 

Controlling field H 
2Md 

'{d^-ir 

2d 

i\r 


or 


or 


H tan i9— F= , 


Dividing (1) by (2), we get 
.M 




tan (I 


( 2 ) 


H 


fan 0 



iM = 
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To Eliminate I 


M ' 2di 

tan 

2dr 


d\^ tan 


d\ tan 0i 


negligible termsj 


'( 1+2 J,+ 

_ tan Ox 
2{dx^-\r 2/“) 

... d-i tan (/o , , . 

** ~ 1 ^ t ■»* 2 \ *01* sscond distance 
Z{d2-+2r) 

_ </i^ (an (^1 — dj tan 

2{d}d-2f-di-2f) 

_ di tan dj — d j tan 

^'''2{d^--di) 


Magnetic Length. 

M_ tan giUi^-/^)- _tan Ox c/// , _ 

H 2dx ~ 2d I \ ^ dxV 

dx tan dx( f ,, \ 

= 1 I — 2 — 2 + negligible terms/ 


ijimilarly, for second distance, ^ 
* . *" rl 


M (an a 


H‘-4) 


' ~2':\dx i.B.xi'dx—2fdx tan0j = do^ tan Qi — 2fd« tan^ 
2 _ tan di — d^ tan dj 


/ = 


2 (rfi tan Ox — d^ tan 62) 
idi^ tan dx — di tan I 


i2{(fi tan Ox — di tan ^j)) 

. . . tan Ox — dii^n O 2 ]- 

2' “2 jzW, Kn 8 , -A tan-fcjj 
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Q. 144, Define the terms Declination and Dip. 

Describe a method of accurately determining the 
dip at a place. {Punjab, 1931) 

Alls. Declination. When a magnet is free to rotate 
at a place about a vertical axis, the line joining its poles 
is called its magnetic axis and the vertical plane passing 
through this axis is called the magnetic meridian of the 
place. The angle which the magnetic meridian makes with 
the geographical meridian is called the angle of declination 
there. 

Dip. When a magnet is free to rotate in the magnetic 
meridian and about a horizontal axis, the angle which its 
magnetic axis makes with the horizontal is called the angle 
of dip. 

Determination of Dip. A dip circle consists of a 
magnetic needle free to rotate, in front of a vertical circular 
scale, about a horizontal axle passing through its centre of 
gravity and the centre of the vertical circular scale. The 
\ertical circular scale is divided into four quadrants and 
is contained in a box, with glass sides, which can. be rotated 
about a vertical axle passing through the centre of a 
horizontal graduated circular scale. This horizontal scale is 
attached to the base of the instrument,, and the whole 
instrument is supported on screws used for levelling it. 

The instrument is levelled, and the vertical box is turned 
about the vertical a.xle until the magnetic needle stands 
vertically. In this position the needle is under the rotating 
action of the vertical component only of the earth’s field, 
the horizontal component is ineffective in rotating the needle, 
and, therefore, the' horizontal axle of the needle must be 
parallel to the_ horizontal component. As the axle is nou' 
in the magnetic meridian, the plane of rotation of the needle 
is perpendicular .toJhe._. magnetic meridian. Then the 
vertical box is turned through 90° to set the needle in the 
magnetic meridian. In this position the angle of inclination 
of the needle to the horizontal gives the angle of dip. 

To eliminate certain errors both ends of the needle are 
read ; the vertical box is turned through 180°, and again 
readings are taken. The needle is turned round back for 
front, and its both ends are read ; the vertical box is again 
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turned through 180°, and the ends of the needle are read. 
Finally the needle is magnetised in the opposite direction, 
and the above eight readings are again taken. The mean 
of these sixteen readings gives the true value of dip at that 
place. 


Q. 145. Describe in detail how you would deter- 
mine accurately the absolute value of the horizontal 
component of the earth’s magnetic field at any place. 
Obtain the necessary formula. [Bombay, 1930) 

Ans. Determination of the Horizontal Component 
H. The method for finding the horizontal component H of 
the earth’s magnetic field is the same as used for measuring 
the magnetic moment of a magnet in Q. H3. 

Multiplying (1) by (2), we get 




H 4--K 


r 




2d 

F)“ tan 0 
2Kd 
tan 0 


Q. 146. How will you determine experimentally the 
value of the vertical component of the earth’s magnetic 
field ? 

The correct value of the dip at a certain place is 
69°. ’What is the apparent dip if the circle be turned 
45° out of the magnetic meridian ? (Trignometric 
tables will be provided.) [Punjab, 1933) 

Alls. See Q. 145 for finding the horizontal component H 
of the earth’s magnetic field and Q. 144 for the angle of dip 9. 
From these two determinations the vertical component V of 
the earth’s field is found by the relation \ 

V=H tan 9. 


Problem. Angle of dip=69° 

.-. ~ = tan 69°=2’605 
rl 

When the vertical circular scale carrying the magnetic 
needle is turned about a vertical axis, through 0 out of the 
magnetic' meridian, the angle between the horizontal compo- 
nent H of the earth’s field and the axle about which the 
needle rotates decreases from 90° to [90° ~ 6), and the 
component of H perpendicular to this axle and effective in 
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rotating the needle becomes equal toH cos (90° — t^) = H sin 0. 
The vertical component of the earth’s field remains fully 
effective, and, therefore, if is the apparent angle of dip in 


this new position, 
tan 


V 

H sin 0 


tan 69° 
sin 45° 


2‘605 

07071 


= 3*684 


and 94 = 74 8°. 

Q. 147. Derive an expression for the intensity of 
the field due to a small magnet at a large distance 
from it. Hence deduce that in case of the earth 
2 tan /\. = tan 8 

where 0 is the angle of dip at a place whose magnetic 
latitude is A. {Punjab, 1938) 

A ns. It is shown in Q. 140 that the magnetic intensity at a 
point P in the held, and at a distance d from the centre, 
of a small magnet of magnetic moment M is equal to 

+3 cos^ 0, where b is the angle which the line joining 
d 

the point with the middle point O of the magnet makes with 
the line joining the middle point of the magnet with its north 
pole. This intensity is inclined at an angle P to the line OP 
produced such that 

tan id = 4 tan 0 . , . . . . (l) 

The magnetic field of the earth may be supposed to be due 

to a small magnet NS placed at 
its centre O with its north pole 
pointing towards the south mag- 
netic pole of the earth. If the 
magnetic equator passes through 
two points E and F at the ends of 
a diameter of the earth, OE is 
perpendicular to SN. 

If A is the magnetic latitude of 
a Doint P, 

A=,ifPOE 

and 6/=ZPON=(90° + A) . . (2) 
The horizontal line HPH' at P is 
perpendicular to the radius OP, 
and dip o is the angle which the 
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direction PR of the ^ 

^ produced is given by with line OP 

/S-(yo=+.s) . . , ■ 

i uttingthevaluesof t/and^ ind) ’/ ' ‘ ^ 

tai. (<J0" + S) = 4 e“‘ 

-cotS=-4coCJ. 

L_ 

tan 2 tan A 
■i tan A = tan 


or 


or 
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ELECTROSTATICS 

Q, 148. Explainthemeaning of electrostatic potential, 
and find an expression for it at a point in the field of a 
charge Q, the dielectric constant of the medium being 
K. 

as. Potential. Two similarly charged bodies A and B, 
repel each other. The greater the distance of B from A, the 
smaller is the force of repulsion, so that at an infinite distance 
the repulsive force is zero. When B is brought towards A, 
work is done against this force, and this increases the electrical 
potential energy of B ;'the smaller the distance of B from A‘ 
the greater is the potential energy of B. i At different points 
in the electric field of A the electrical potential energy of B is 
different. At any point its value is directly proportional to 
the charge of A and the charge of B, and is inversely propor- 
tional to the distance of the point from A and the dielectric 
constant K of the medium. 

The last three factors determine an electric property of the 
point. It is called its electric potential due to the charge of A, 
and is equal to this charge divided by K and the distance of 
the point from A. Thus the electric potential energy of the 
charge of B is equal to the product of its charge and the elec- 
tric potential of the point where it is placed in the electric field. 
Therefore electric potential at a point in the field of a charged 
body is equal to the amount of work done in bringing a unit 
positive charge from infinity to that point. The smaller the 
distance of the point from the charged bod}', the greater is the 
potential. If the body is positiv'ely charged, the unit positive 
charge, left to itself, will recede from the body, or move from 
a point of higher potential to a point of lower potential. Thus 
the potential at a point determines the direction oj floxo of 
electricity at the point. 

Value of Potential. The electric intensity I' in the field 
of a charge changes from point to point, but for two points 
at a very small distance f/.r apart and in its direction its value 
is the same, and the amount of work done in carrying a unit 

29S 
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positive charge from the farther point to the nearer point is 
equal to P(— rf.v), as the distance from the charge is decreased 
and, therefore, dx is negative. This is also equal to the 
potential difference ffV between them. 


d\'=--¥dx. 


But the electric inte'nsity F at a distance x from a charge 


Q and in a medium of dielectric constant K is equal to 



and the potential V at a point is equal to the amount of work 
done in bringing a unit positive charge from infinity to that 
point. 


V = 


.f 


- Fdx 


CO 





K.v Kco 


K.v 


as any quantity divided by is equal to zero. 

Q. 149, Explain : — Electrical capacity of a conductor, 
an electrical condenser, and specific inductive capacity. 

Two insulated spheres of radii 30 and 45 cm. have 
potentials of 48 and 32 units respectively. Calculate 
thepotential and-loss of energy when they are con- 
nected by a vvire. Derive the equation you use. 

{Bombay, 1926) 


Ajis. Capacity. When two isolated spherical conductors 
of different radii are given equal charges, their potentials are 
raised by different amounts : the sphere of smaller radius has 
higher potential than the sphere of greater radius. In order 
to raise both of them to the same potential the sphere of 
greater radius has to be given more charge than the othej 
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sphere. Thus the charge required to raise the potential of a 
given conductor by a given amount depends not only on 
the value of the potential but also on the size of the conductor. 
It also depends on the shape of the conductor and the sur- 
rounding medium. Further, for a given conductor the charge 
required is proportional to the change of potential. 


The capacity of a conductor is defined as equal to the ratio 
of its charge to its potential produced by this charge, and is 
measured by the amount of charge required to raise its poten- 
tial by one unit. If a charge of Q units raises the potential of 

the conductor by units, its capacity is equal to ^ units. 


Condenser. The capacity of a conductor depends not 
only on Us dimensions and the nature of the surrounding 
medium but also on the presence of neighbouring conductors. 
It IS increased on account of such conductors, and the effect 
IS the greatest when a neighbouring conductor is earthed. If 
an earthed conductor 13 is brought near a charged conductor 

opposite charge is induced on B. The potential of A is 
lowered due to the opposite induced potential, and thus its 
capacity is increased. 

This arrangement of the two conductors is called a condenser, 
:ind its capacity is equal to the amount of charge required to 
produce a unit potential difference between them (coatings). 

Specific Inductive Capacity. While an insulating 
medium does not allow flow of electricity in it, electric induc- 
tion lakes place through it, and different media are strained 
by different amounts by the same charge. The facility with 
which the lines of force are transmitted through it depends on 
its nature, and this property is called its inductive capacity. 
The specific induction capneity of a substance is equal to the 
capacity of a condenser with that substance as its dielectric 
divided by the capacity of the same condenser with air 
(vacuum) between its coatings. 

Loss of Energy. The energy of a conductor of capacity 
C and raised to potential V is equal to i CY^ When two 
conductors of capacities Cj and C.j,and corresponding potentials 
^ ^ connected by a thin wire, their charges are 

redistributed so that they acquire a common potential V, The 
thin wire being of negligible capacity takes up no charge, and 
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the total charge on the conductors remains unchanged, but 
some energy is dissipated and the su n of their final energies 
is Jess than the sum of their energies before they were 
connected. 

Initial total energy— JC)VJ^ + g-Co^C^ 

Total charge =C,V, + C,V, 

= CiV + C.V 
,, _ CiVh + C.Vj 
C, + C. 

Final total energy ==iCiV^ + JCA’'^ 

= Hei + Co’)V2 

>V, + C,V, 


Final common potential 


(1) 


(CiVi + CAg- 
" ■ Q + C. ‘ 

(C,V, + Co.Vj)'‘ 


i) 


Loss of energy- iCiVi'+lCA'/- 2(C +C.) 

C1C2V2H CiC.iV,-+ Co-Vn^ - Cinh'^-aCiViCaVg- 
2(Ci + Ca) 

_ C,Ca(V,^ + V./-2V,Va) 

2(C, + Ca) 

_C,Ca(V,-V/ 

2(c, + c...) 

that is, loss of energy alwavs occurs except when Vi is equal 
to V 2 . 

Problem. The capacity of an isolated spherical conductor 
is equal to its radius. 

Capacity of first sphere A=30 e.s. units. 

,, „ second „ B=35 „ „ 

Potential of first sphere=4S „ „ 


( 2 ) 

Whether (Vj — Vo) is positive or negative, its square is positive, 


„ second 


= 32 


Patting the values of C,, C-., Vi, and Vo in (1) and (2), we get 

, 30X 48+45X32 . 

Final potential= 30 + 4 5 

= 38'4 e.s, units. 
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and 


Loss of energy = 


30X45(48-32)^ 
2(30 + 45) 


= 2304- ergs. 

Q. 150. Define normal electrical induction and tubes 
of force. State and prove Gauss’s theorem. Deduce 
from the theorem that the intensity of field near a 
charged surface of density (r is 4Acr. {Punjah, 1935) 

4ns. Tubes of Force. A line of force in an- electric field 
indicates the path of a free positive charge, and at each point 
the tangent to it shows the direction of the electric intensity 
there. \\ hen these lines are grouped into tubes in such a way 
4- 

that — tubes come out of a unit charge in a medium of 


dielectric constant K, they are called Maxwell unit tubes of force. 

Normal Electrical Induction. When the lines of induction 
are grouped into tubes in such a way that 4— tubes come out 
o a unit charge, their number perpendicular to, and per unit 

area of, a .surface m the electric field is .called normal electrical 
induction. 


Gauss s Theorem. The total normal induction over a 
c ose surface ui an electric field is equal to 4tt times the 
total charge inside it. 


Proof. Let 



closed surface surround a charge Q at 

O, and consider a very small element 
of it of area tin at P and at a 
distance .r from O (Fig. 120). The electric 
intensity F at P is directed oiitxcard 
along OP produced, and has practically 

the same value over area Ha. It 
Kx" 

makes angle 0 with the normal PN at 

P, and its component along PN is equal 
to F cos 0. 

Normal intensity at P=F cos 6 

>t induction at P = KF cos 6, 

where K is the dielectric constant of 
the medium. 
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Total normal induction on ^a—KF cos 

KO.Srt- 

= ' TT'T" cos 0 
K.v 

OiV cos /> 

- .v^ ’ 

as F is equal to • The component of area <3^ normal 

to OP at P is equal to Sfr.cos 0, as the angle between two 

1 , .1 . ■ , , ^a.cos 0 

•areas is equal to the angle between their normals, and 5 — 

.r 

is the solid angle (3m subtended by it at O, so that the above 
result gives. 

Total normal induction on (3(T = Q.(3m. 

Proceeding in this way the total normal induction over any 
part of the surface may be found, and its value for the whole 
of the closed surface is equal to -Q,(3 m. 

Total normal induction over the closed surface = 130 (3 m 

= 4=rO : (!) 

as Q is constant and the solid angle subtended by any closed 
surface on a point inside it is equal to 4;r. If there are other 
charges inside the closed surface, the same treatment applies 
to all cases, and the total outward normal induction is equal 
to 4:r times the total charge inside it. 

Intensity near a Charged Surface. Let a charged 
conductor have a units of charge per unit area. As it is a 
conductor, its surface is equipotential, 
and at any point on it the electric 
intensity F is outward and along the 
normal there. Consider a point A 
very close to the charged surface and 
a point B very near its inside, and 
draw a tube with faces at A and B 
parallel to the surface, its sides every- 
where normal to the surface, and 
enclosing a very small area Sa at it. 

As A and B are very close to the 
surface, the areas of its, faces at A and 
B are equal to (3tr., There is no 
induction on the sides of this tube as intensity is parallel to 
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them, nor is there any induction on face B as it is within the 
closed surface and surrounds no charge, and thus there is 
normal induction on its face A only. 

Normal induction at A = KF 
Total „ „ „ 1 ) =KfdfT 

Total charge inside the tube= 

KF.Sn — 4’a‘n.rt(7 
4'n'<T 

or F = ~. 

The dielectric constant of air is equal to 1, and therefore, F 
is equal to 4'n'<7. 

If the surface is not closed and is open, there is normal 
induction on face B also, but in that case the inner side of the 
conductor is also charged and has surface density n. The 
electric intensity at B is also equal to F, and 

KF.2<)<t = 4'Jr ff.2n(7 


or 


^irrr 

IT 


Q. 151. State Gauss’s theorem. Prove that every 
element of a charged conductor experiences an out- 
ward force equal to 2va" per unit area, where ^ is the 
charge per unit area at the point considered. 

A sphere of radius 100 cm, is charged to a potential 
of 1500 e.s. units. Calculate the force per unit area of 
the sphere. {Punjab, 1938) 

Alts, See O. 150 for the statement of Gauss's theorem and 
showing that the electric intensity very close to a charged 

conductor is equal to — time its surface densitv c. 

K 


The electric intensity F| at A (Fig. 12]) due to the charge 
on the I'cry small area Pa of the enclosed surface is in the 
same direction as the intensity F 2 there due to the charge on 
the rest of the surface, and, therefore, the resultant intensity 
F is equal to F, -f F.... 

.■\t B the intensity due to the charge on area Pa is’ equal 
and opposite to that at A, while that due to the charge on 
the rest of the surface is the same as at A, as A and B are 
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very close to each other. But there is no resultant intensity 
at R. 

- F >+ F .,-0 


or 


F,-Fr 


27rfr 

'IT' 


Thus area ^er is placed in a field of intensity 




and as 


the charge on it is equal to ".lirr, the total force that it 

2'n-fT ^ 

experiences oiiixi’ard is equal to x ~ 


Fcrce per unit aiea= 


K 

2'ir(T- 


K 

For air, K= 1, and the force per unit area is equal to 2'’’''’’. 

Problem. The capacity of an isolated spherical conductor 
ir, numerically equal to its radius. 

Capacity of the sphere = 100 e.s. units 

Potential,, „ „ = 1500 e.s. units 

.■. Charge ,, ,, „ = 100 X 1500 e.s. units 

Surface area ,, „ „ =4Tr X 100" sq. cm., 

„ . 100X 1500 

Charge per umt 

15 


e.s. unuB sq. cm. 


Outward force 


4- 
= 2 

2X 15X15 


-CiJ 


= 8’95 dynes 


16X3‘142 

Q, 152. (a) Find an expression for the force per 
sq. cm. of surface on a conductor due to its charge. 

(b) Find the mechanical stress per sq. cm. on the 
glass plates of a condenser, . charged to a potential of 
30,000 volts. S.I.C. of glass = 4 and thickness = 4 mm. 

{Punjab, W32) 
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Alls, (ff) A conductor charged to surface density' and 
placed in a medium of specific inductive capacity K experiences 

an outward force per unit area. See Q. 151 for finding 


(his expression. 

(/)) Potential difference =30,000 volts 

30000 


300 


= 100 e.s, units 


S. I. C. of glass = 4 


or 


4'irfT 

Electric intensity in glass = — — = 

4 

Thickness of glass = 0*4 cm. 
Potential difference= 'srfrx 0*4= 100 

a= — 

0 * 4;7 

2-f 100 


Force per unit area= 


100 Y 
4 \0*4r ) 

100X100 
' 0*32X3*142 
= 1591 dynes per sq. cm. 


Q 153, What is electrostatic pressure? Find its 
value and show that electricity would escape from a 
charged conductor i£ the surface density be sufficiently 
high. Does this escape of electricity depend upon 
curvature ? Explain fully, {Bombay, 7934) 


Alls. The electrostatic pressure of a charged conductor 
is equal to the outward mechanical force that its unit area 
experiences due to the charge on the rest of the surface. 
See Q. 151 for showing that its value is 2'n’u‘ for a conductor 
whose surface density of charge is a and is placed in air. 

•As this pressure is proportional to the square of surface 
density the conductor experiences an enormous force if a is 
sufficiently high. The conductor cannot be torn, but the 
c large escapes from it. The greater the surface density the 
greater is the tendency for leakage. 
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Surface Density and Curvature. Let two spheres, 
A and B, of radii Ri and R« respectively be connected to an 
electric machine and thereby raised to a common potential 
. V. As the capacity of a sphere is equal to its radius, and 
the charge on a conductor is equal to the product of its capacity 
and potential, charges on A and B are equal to RiV and R..\' 
respectively. 

Surface area of A = 4;rRi" 


Density of charge on A = 


charge 

area 


^ V 
4-R,' 

Surface area of B = 4r-R/ 


4TrRr 


(1) 


R V 

Density of charge on R= ° ^ (2) 

4— K.>‘ 4r Ko 

Dividing (l) by (2) we get 

Density of char g e on A _ Y 4:rRj _ R-j 
Density of charge on B 4-R, V Rj 

_ Radius of B 
Radius of A 


This shows that the surface density of charge on a spherical 
conductor, raised to a given potential, is inversely proportional 
to its radius of curvature. The radius of curvature of the 
pointed parts of a conductor is very small, and, therefore, 
surface density of charge at these parts is much greater than 
at other parts. The surface density of these pointed parts 
soon reaches the maximum value, and then they begin to leak. 

Q. 154. What is normal induction ? Find with the 
help of Gauss’s theorem the electric field near (f) a 
charged infinite plane, (tV) an infinitely long charged 
cylinder. {Punjab, 1936) 

Ans. Normal Induction. An electric charge tends to 
induce charge on a conductor placed in its field. The induced 
charge may be regarded as the flux (flow) of a vector quantity. 
In vacuum the direction of this vector at any point is the 
same as that of the electric intensity there. It is called 
induction and its magnitude is proportional to the field strength. 
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A unit charge gives rise to 4;r tubes of induction, so that 
4rQ such tubes emanate from a charge Q. If a spherical 
surface of radius R and centre at the charge is considered, 
these tubes arc uniformly distributed over its surface and are 
everv'vhere pcrpciidiciilcir to it. The number of tubes per 


Knit area is equal to 


4a-Q 

4-R‘ 


Q 

R~ 


and measures the normal 


induction over it. 


According to Clauss’s theorem, liie total normal induction 
over a closed surface is equal to 4a- times the total charge 
inside it. 

0) Uniformly charged Infinite Plane. Let AB be a part 


e 

D 

n 


A- 


-B 


A- 


(c) 


e 

-B- 

D 

('>) 


-a 


rig. 122. 


of the infinite plane charged uniformly and I'aving surface 
density c on each side, and consider a cylinder CD with its 
plane faces C and D of area S parallel to the charged 
surface, so that its cylindrical surface is perpendicular to AP. 
iFig. 122 ((7)j. As the charged surface is infinite and conducting, 
the lines of force and, therefore, electric intensity are every- 
where perpendicular to it. 

If F and F' are the values of electric intensit 3 ' at C and D 
respectively, the corresponding values of normal induction are 
KF and KF', where K is the dielectric constant of the medium. 
The total outward normal induction over the face C is equal 
to SKF, while over the face D it is into the cylinder and equal 
to SKF , and there is no normal induction over the sides of the 
cylinder. As the cylinder contains no charge inside it, the 
total normal induction over it is zero. 

SKF - SKF' = 0 

. F = F' (!) 

This shows that the electric intensity is the same everywhere. 



Q. 154. 


ELECTROSTATICS 


30'/ 


Ne.vt consider the cylinder lying with its ends on the oppo- 
site sides of the charged surface [Fig. 122 ih)]. In this case, 
while there is again no normal induction over its sides, the 
normal induction over both its ends is outward, and it contains 
a charge 2 X S<r inside it. Therefore, according to Gauss’s 
theorem. 

SKF + SKF = 4;rX2S'J 


F= 


dirtr 


K 

If O' denotes the surface density of 
faces of tlie plane icikcit together, 

\ 


( 2 ) 

the charge on the two 


2'JTn 


K 


(3) 




{it] Uniformly charged Infinite Cylinder. Let AB be 
a part of the infinite cylinder of radius R having its axis along 
CD, and charged uniformly with f units per unit area 
(Fig. 123). If electric intensity F be 
required at a point P at a distance .v 
from CD, consider a coaxial cylinder of 
length I passing through P and having 
its plane faces perpendicular to CD. 

As the cylinder is conducting and 
uniformly charged, the lines of force 
leave its surface along the normals, and 
the electric intensity at any point is 
perpendicular to its length and is the 
same at all points at the same distance 
from its axis. There is no normal 
induction over the plane faces of the 
outer cylinder, and the total outward 
normal induction over its cylindrical 
2-.vfKF. 




'D 

Fig. 123. 

surface is equal 
As the total charge inside it is equal to 27 rRfu, 


to 


or 


2ff.rfKF=47rX2TrRfu 
„ 4jrR'r 


K.r 


(d) 


If the point P is very close to the charged surface, .v 
almost equal to R, and equation (3) gives 



is 


( 5 ) 
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Q. 155. Describe the electrostatic field between two 
parallel charged plates a small distance apart. 

Define specific inductive capacity and 
expression for the capacity of a parallel plate condenser 

with a dielectric partly glass and partly air. 

[Punjab, 79 j>9) 

Alls. Field between Parallel Plates. As the distance 
between the plates is siiiaH, the}' may be considered to be 
infinite. If they are oppositely charged, the charges are 
mainly confined to their tiiitcr faces. The lines of force 
between them are paralliil to one another and pet'peudiculai 
to the plates, and tlie surface density o' is uniform, e.xcept 
near the edges, where the lines of force bulge outward. 
The intensities due to the two charges are in the same 
direction between the two plates and belp each other, but they 
oppose each other at all external points. Each plate gives 
rise to an intensity lit o. 

Specific Inductive Capacity. The specific inductive 
capacity of a substance is equal to the capacity of a condenser 
with it as the dielectric divided by the capacity of the same 
condenser with air (vacuum) between its plates. 

Capacity of Parallel Plate Condenser. Consider two 
parallel metallic plates, B and D, at a small distance cl apart 
(Fig. 124). Each is of area S (one face only). The surface 
density of the charge on the upper plate B is u, and as the 

A 4- -t- -t- -t- -4 + + + '-)- "4- 
G i'- ^ : 



Fig. 124., 

lower plate is earthed, its surface density is equal to —a, A 
larger glass plate G of thickness t and specific inductive 
capacity K is placed between them, so that the thickness of 
the remaining air column is equal to {d~t). 

The electric intensity at a point between the plates is from 
A towards D due to the positive charge on B and in the same 
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direction due to the negative charge on D, so that the resul- 
tant intensity is equal to the sum of these two component 
-intensities. As (T is the surface density of the charge on the 
two faces of the coatings taken together, according to 
Q. 154 equation (3). 

Intensity in air due to each plate=2’n‘(r 
„ „ ,, both the plates = 4Tr(T 

2'irtr 

„ glass due to each plate = ---- 


„ „ ,, both the plates = -^^ 

By definition intensity at a point is equal to the force 
experienced by a unit positive charge there, and the 
potential difference between two points is equal to the 
amount of work done in carrying a unit positive charge 
from one point to the other. The potential difference 
between the two coatings is equal to the sum of the 
/fail of potential in air and the glass slab, and each of 
these is equal to the product of the thickness of the 
dielectric and the electric intensity in it. 

Fall ol Potential in air =4'n'CT [d—t) 

‘i TT 0 

Fall of Potential in glass 
Potential difference V between the coatings 

-4Tro(rf-f)-t- 


Charge Q on each coating =Su , 


Capacity of the condenser— — — 


4'ira^d-f+ 


47r (d~t + £ 

Due to the spreading of the lines of force near the edges of 
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the coatings, the actual capacity of tlie condenser is slightly 
greater than this value. 

Q. 156. Find the electric intensity at a point between 
two large parallel plates, one of which is earthed, 
the surface density of the charge on the insulated plate 
being a. 

Two large metal plates are fixed horizontally at. a 
distance of h cm. from each other. What potential in 
volts should be applied between the plates, if a 
droplet of oil of mass l-5xl0“”gm., and carrying 
a charge of 4-9 x 10"'“ E S.U., is to be held at rest 
between the plates ? [g -980 ; one E.S.U. of potential — 
300 volts.] 

Mention any application of this arrangement. 

{Punjab, 1936) 

Alls. Intensity between Parallel Plates. As the 
surface density of the charge on the insulated plate, both 
faces taken together, is o, that of the earthed plate is — tf. 
T^e two plates being very large as compared with the 

distance between them, they behave like - plates of 

infinite area (Q. 154). The intensity at a point between 
them is perpendicular to them and is the same every- 
where. The intensity due to the positively charged 
plate is directed away from it, while that due to the 

negatively charged plate is towards itself, that is, in' the 
same . direction as the first, and each is numerically 
2ti a 

equal to > where K is the dielectric constant of the 

medium between them. Therefore the resultant intensity at 

any point between the plates is equal to ^^^-and is directed 

K 

from the positively charged plate towards the other plate 
With air between the plates, the value of intensity =‘^TTa. 

Problein. As the drop is balanced, the downward force of 
gravity on it is counterbalanced by an equal upward electric 
force which is equal to the product of electric intensity and 
the charge on it, and the potential difference between the 
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plates is equal to the product of electric intensity and the 

distance between them. 

Weight of the drop= TS X 10~” X 980 dynes. 

Charge on the drop-l‘9X 10“ ’“e. s. units 

. . .. r5X10-"x980 

. . Electric intensity =--n77WT7wo 


= 30 e. s. units. 


Distance between the plates = 0'5 cm. 

.'. Potential diff. „ „ „ =30X0’5 

= 15 e. s. units. 

= 15X300 
=4500 volts. 

Application. In Millikan’s method for measuring the 
charge on electrons, oil droplets are produced and charged 
between two metal plates, and the potential difference 
between the plates is adjusted to make the droplets move 
upward or downward with any velocity or remain stationary. 

Q. 157. Show that the capacity of the parallel plate 
condenser is C = 


Two Leyden jars are exactly similar in size and 
shape, but one has glass as dielectric and the other 
ebonite. The glass jar is charged but when charge is 
shared between the two jars, the potential falls to 0‘6 
of its original value. If S.I.C. of ebonite is 2, find the 
S I.C. of glass. {Bombay, 1926) 

Alts, See Q. 155. The w’hole of the space between the 
coatings is filled with the substance of dielectric constant K and 
thickness d, and each plate is of area A. 


Electric Intensity = 


4'ir(T 

"iT 


4'>r(i 

Potential difference=-vr~Xff 
K 

Charge = Au 

. .. AuXK 

»• C/cipscity — , 

■' 4'jrarf 
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Problem. • As the two Leyden jars are exactly similar, 
their capacities are proportional to the specific inductive 
capacities of their dielectrics. Let K be the specific induction 
capacity of glass, and C be the capacity of the ebonite Leyden 
jar, then the capacity of the glass Leyden jar is equal to 
C X X 

If V be the original potential difference produced 

2 

between the coatings of the glass jar, it becomes 0'6V when 
its charge is shared with the ebonite jar. 


CK 


-XV = C4 


CK 


X O'bV 


or 

or 


= 0-6VC(^]+~) 

^=0’fi + 0'3K 
0-2K=0'6 


K=3. 


Q. 158. A condenser is formed out of two parallel 
plates each of area A and separated by a dielectric slab 
of thickness d and of dielectric constant K. Find the 
velues of the forces between the two plates when [a) 
they are oppositely charged with a surface density 
and (6) a potential difference V is maintained between 
them. Show how you can use one of the arrangements 
for measuring the dielectric constant of a solid. 

{Calcutta, 1930) 

Ans. See,Q. 155 for showing that the electric intensity at 

4rrcr 

any point between the two plates is equal to • Half of this 

is due to the charge on one plate and the other half is due to- 
the opposite charge on the other plate. Force experienced by 
the charge on one plate is due to the charge on the other plate. 

{a) Force on a unit charge of one plate^^^ 


Charge on one plate = Acf 

Force exerted on each plate due to the charge on the other 

2'ir(r 


2Tra^A 

K 
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or 


<T= - 


Force exerted on each plate = 


(6) The potential difference V between the two plates is 

2’n'c! 

.equal to the product of the electric intensitj’ between the, 

plates and the distance d between them, as tl)e potential 
difference between two points is equal to the amount of work- 
done in carrying a unit positive charge from one point to the 
other and the electric intensity at a point is equal to the force 
experienced by a unit positive charge there, 

4'iro 

Iv 
K V. 

2'JrmA 
' K . 

k' Utt'cIJ 

Measurement of Dielectric Constant. See Q. 162 for 
measuring the dielectric constant of a solid with an attracted 
disc electrometer. 

Q. 159. Find the capacity of two concentric spheres 
when (;■) outer one is earthed and inner one is insulated, 
(//) inner one is earthed and outer one is insulated. 

{Punjab, 1936) 

Ana. Capacity of a Spherical Condenser, (i) Outer 
sphere earthed. The two concentric conducting spheres of 
radii Rt and Rj 
are placed in a 
mbdium of di- 
electric constant 
K [Fig. 125 ia)]. 

If a charge Q is 
■'given to the inner 
insulated sphere, 
an equal and 
opposite charge 
— Q is induced 
on the outer 
sphere. As the 



{a) 



Fig. 125. 
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outer sphere is earthed, its potential is zero, and is due to its 
own negative potential and its induced positive potential due to 
the charge on the inner sphere. Similarly, the potential of the 
inner sphere is due to its own charge and the induced opposite 
charge on the outer sphere. The potential difference between 
the two spheres is equal to that of the inner sphere, as the 
potential of the outer sphere is zero. 


Potential of inner sphere = 


KRi 


-Q 

KR. 


QfR.-Ri) 

KRiRj 


Capacity of the spherical condenser= 


Q 


Q(R.- R.) 

KRiRs 


KRiRo 

R.-R. 


(1) 


{it) Inner sphere earthed. In this case charge Q is given to 
the outer sphere, and it is divided into two parts, Qi on its inner 
surface and Qi on its outer surface of radius R 3 [Fig. 125(6)]. 
The inner sphere is earthed and charge — Qi (not — Q) is 
induced on it. Its potential is equal to zero on account of its 

own potential and induced potentials ^ and ■ 

KRi KRj KR3 

The potential of the outer sphere is due to its two charges Qi 
and Q 2 , and the induced charge — Qi on the inner sphere, and 
is equal to the potential difference between the two spheres. 


Potential of inner sphere = - -^-= 0 

KK3 KR» KKi 

: Q?—Q}—.Ql 

R 3 R) Rj 

■ . Q.(R2 - Ri) 

R1R2 

n - QgRiRg 

R3(R2-R,) ■ • ' • 


or 


• • ( 2 ) 



Q. 160 . 


ELECTROSTATICS 


317 


Potential Y of outer sphere = + 

IV 1\ 1 .V 3 JlV2 

_ Q. 

KRj 

Capacity of the spherical condenser = ~ 


_(Qi + Q.)KR3 

Qa 


I QaRiRa I ^ IKR.-! 


from (2) 


KR1R2 

(Ra-Ri) 


+ KR3 • ■ 


• • (3) 


Second Method. This arrangement gives two condensers 
connected in parallel. The inner surface of the outer sphere 
forms with the inner earthed sphere a spherical condenser 

of capacity in (/), and the outer surface of the 

outer sphere of radius R3 forms a condenser of capacity IvR^ 
with the distant earthed conductors. 


Q. 160, Show that the energy stored per unit 


KE^ 

volume in an electrostatic field is > where K is 

the dielectric constant of the medium and E is the 
electric intensity. [Punjab, 1935) 

A ns. See Q. 151 for showing that a unit area of a charged 

2irti’ 

conductor experiences an outward mechanical force ’ 

where o is its surface density of charge and K is the dielectric 
Tonstant of the medium. Bur the electric intensity E in its 

4ir tr 

immediate neighbourhood is equal to 
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Force per unit area = 


' K ' 


2j7 

K 



_ KE- 

Stt 

If an area oA of the charged surface is considered to be 
moved through a distance 6,v perpendicitlar to itself and 
opposite to the direction of the mechanical force, work done 

KE^ 

in overcoming this force is equal to— — SA.S.v, and this becomes 

OTT 

the energy of the new electric field produced by the motion of 
the charged surface. But the volume added to the electric 
field by this motion is equal to SA X 5.\', 

. „ , KE-8AX6.V 


_ KE^ 

Sit 

Q. 161. How was the inverse square law in electro- 
statics established theoretically and experimentally by 
Cavendish? (Piiitjctb, 1936) 

Alls. Cavendish Proof. Fig. 126 represents a hollow metal 
sphere charged iinifonuly with the surface density of charge 

equal to o. Through a point A, 
not at its centre C, draw lines to 
form two opposite cones of a yeiy 
small solid angle oj and cut very 
small areas Si and S 2 from the 
- sphere-at their opposite ends and 
at distances from A equal to Ri 
and Rj respectively. Then 

Si = Rf(M 

and S-, = 'Siiio 

Charge on Si= Ri^.jff 
Fig. 12G. ,, ,, S2=lVo)0- 
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If the electric intensity varies inversely as the nth power of 
the distance. 

Intensity at A due to charge on 


and 


tt n n )i n 


S.: = 


mO 

Rg^iotr 


along SjA 


= pTif-r along S.A. 

In this way the whole of the spherical surface can be con- 
sidered to be divided by pairs of cones, one on the right of the 
plane BD and the other on it.s left. The intensity at A due to 
the charge on an area to the right of BD is from right towards 
A, while that due to the charge on an area on the left of BD 
is from left towards A. The direction of the resultant intensity 
at A depends on tire value of //, and three cases arise. 

(1) If n is greater than Z, is greater than as 

ivj iAO 

Ri is smaller than R., and the intensity at A due to the charge 
on the part of the surface to the right of BD is greater than 
that due to the charge on the surface to the left of BD, that is, 
the resultant intensity at A is from right to left towards the 
centre C, 

(2) li.n is less than 2, ( = Ri^"''‘} is stnaller than 

The intensity at A due to the charge on the right part of the 
'^herical .'surface is smaller than that due to the charge on its 
.Ieft.part„and the resultant intensity at A is from left to right 
-fTtwyirom- the.C£mtre..C._ .. - 

(3) Tf ■ n is' equal to 2, R ”'^==R 3 ^""= 1, and the ■resnUant 
intensity at A is aero. There is no intensity anywhere 
within the hollow sphere and the potential is the satite 
throughout, because the electric intensity at a point is equal 
to the rate of change of potential there. 

Experiment. Cavendish placed a small metallic sphere 
within the hollow sphere charged positively and at a point 
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Ollier than its centre, and connected the two together for a 
moment. After disconnecting the two, he took out the small 
sphere, and found that it was xcithout any charge. 

In the first case where the resultant intensity is towards 
the centre, the small sphere should have acquired a 
positive charge, while in the second case of the resultant 
intensity being directed away from the centre of the hollow 
sphere, the small sphere should have been charged negatively. 
In the third case, there is no change of potential within the 
hollow sphere and no charge is given to the small sphere. 
Thus this experiment proved the third case, that is, electric 
intensity varies inversely as the square of the distance. 

Q. 162. Describe and explain the use of an attracted 
disc electrometer. How do you make use of this to 
measure the dielectric constant of a solid ? 

(Punjab, 1935) 


Alls. Attracted Disc Electrometer. circular metal 
plate A of face area S is suspended in a horizontal position 
by delicate springs from a plate L, L attached to a vertical 
rod N, and its height can be adjusted with a screw. (Fig. 

127). It is surrounded 
by a ring R, called 
guard ring) forming a 
part of the bottom of 
a box, with a r-ery 
narrow annular space 
betw’een them. The 
lower plate B is sup- 
ported parallel to A 
by a vertical rod. By 
using a micrometer 


L 

IBIQII 


1 

g 


i 

5 

5 S 

§ «=■ 








m 

Fig. 127. 


screw M, its position can be adjusted and thereby its change of 
position is measured. The whole apparatus is placed in a 
glass jar whose inside is coated with tin foil and earthed to 
eliminate any disturbance due to the surrounding objects. 


At first plates A and B and the guard ring R are earthed. 
A known mass in is placed on A to depress it below' R, and 
me screw carried by N is adjusted to bring A in level with R. 
ihen this mass is removed when plate A is pulled up by the 
springs. Both the plates and the guard rings are insulated, 
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and A and K are raised to and maintained at a constant 
potential Va, while plate B is connected to one of the two 
points between which the potential difference is to be measured. 
The guard ring maintains uniform field at the edges of the 
plate A. 

If the potential of this point is Vi, the potential difference 
between A and B is equal to Va — V„ and due to the mutual 
attraction between them, plate A is pulled down to some 
extent. By moving the micrometer screw M the position of 
plate B is adjusted to bring A in level with R, and the position 
of M is noted. In this position the force of attraction exerted 
by B on A is equal to mg, where g is the acceleration due to 
gravity. Let the distance between A and B be equal to ffi. 

If be the surface density of charge on A, the electric 
intensity at a point between the two plates is equal to and 
the potential diflerence (Va — Vi) between them is equal to 
ff'a'ffXr/i, so that 

_ Va -V , 

But force of attraction on .A = 2'’’’o'"S 




s 


S-di 

mg 


2 (Va -V,)- 


VA-V, = ff,\/ 


8-mg 


( 1 ) 


Then plate B is connected to the other point at potential 
Va and the micrometer screw is adjusted to bring A once 
more in level with R. If d-i be the distance between A and B 
in this position, 

.... ( 2 ) 

Subtracting (2) from (1), we get 

V2-Vi = (ffi-rf=) . . (3) 

where (ffi-dj) is the distance through which the micro- 
meter screw is moved in the second case- 
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If (rfi-ff-:) is measured in centimetre, in in gram, g in crn. 
per second per second, and S in square cm., {V2~Vi) is 
obtained in e.s. units. This instrument is used for the measure- 
ment of rather high potential differences, and is called absolute 
electrometer as it measures potential in absolute or mechani- 
cal units. 

Determination of Dielectric Constant. The attracted 
disc A is connected to the positive pole of a batterj^, whose 
other pole is earthed, and thereby it is raised to a potential V. 
Plate B is earthed and its position is adjusted so that A is in 
level with the guard ring when the distance between A and B 
is equal to d. Then 


Plate A forms a condenser with B and its capacity is equal 
S 

to . A slab of thickness f of the solid, whose dielectric 

constant K is to be measured, is placed on B. The capacity 
of the condenser increases and as the potential difference V 
between its plates is kept constant, they take up more charge, 
and A is pulled down as it e.xperiences greater force 
of attraction. Then plate B is lowered through a distance x 
to bring A back to its former position. 

As A now experiences the same force and its potential is 
the same as in the first adjustment, the surface density o of the 
charge on it is also the same, and the capacitj' of the condenser 

S 

is reduced to its original value 7-^ 

4— (f 


Electric intensity in air 

4'Jre “ '■ ■ 

• -1, : in solid slab = 

. ■ ■ ■ . 

Thickness of air space =d — t+x 
Fall of potentraPin „ ,, =4ii'G{d— t + x) 

Attg 

>• » I) ,, solid slab = ——-Xt 

K 


• • Potential difference between A and B = 47rc7((f— ^4- 


x) 


•i-’rraf 

1^ 
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and 


Capacity 


or 

or 


Sir 




id— f + ,1 


.■C + 


K 


S 




s 

4.{rf-<+..+ i) 


</= d -- i + .V + _ . 

K 


Kt — K,v = / 



t-x 

Q. 163. Describe the construction of the Dolezalek 
Quadrant Electrometer, How is it used to measure 
(ir) small, and (d) large potential differences ? 

{Punjab, 1934) 

Ans. Dolezalek Quadrant Electrometer. A hollow 
cylindrical brass box, of about 2'5 cm. 
radius and I cm. height, is cut into four 
quadrants A, B, C, D, and these are 
mounted on separate amber supports 
(Fig. 128). Inside the box is suspended 
a needle consisting of two silvered 
papers' in contact at the edges and 
pressed apart at the middle, by a 
.very //rfn, wire of phosphor bronze or 
quartz made conducting. The suspen- 
- sion wire carries a .mirror for nieasur-. ■_ . . Fig. 12S. , 

ing small deflections. _ , 

Opposite quadrants A and C, and B and D, are connected 
together. The edges of the needle are made circular so that 
when it is deflected, the increase of its area from under one 
pair of quadrants is equal to the decrease under the other. 
The points between which the potential difference is to be 
measured are connected to the two pairs of quadrants, ^Yhen 
the needle and the two pairs of quadrants are at zero potential, 
the needle hangs symmetrically between them. Its radial 
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ed^cB bliould be noli uitbin the (jimdrants bo that the 
irregularities of the electric field of the quadrants remain 
constant and do not change with its deflection. 


If the needle, pttir of quadrants A and C, and D and H arc 
given the potential \’, V,, and V; respectively, the needle is 
dellected so that its area ///c'cecrscs under that pair of quadrants 
whose potential dilVers from its potential by a i^rccitcr amount 
than that of the other jiair of quadrants. Usually is greater 
tlian \'i or and therefore the needle is detlectccl towards 
the quadrants of lotccr potential. The dcllcction is opposed by 
the torsion produced in the suspension, and cciuiiibrium is 
reached when the restoring couple becomes ctjua! to the 
dellecting couple. If 0 ]s ihe deflection produced, 

V, + \% 


0 c.: (V,-\ 




or =k(v-^^^') (V,-V:) ....(]) 

where K is the constant of proportionality. 

(ft) Small potential difference. When the potential 
difference to be measured is small, the needle is charged to a 
lush potential by connecting it with one pole of a battery of 
constant c.m.f,, and the other pole of the battery is earthed. 

As V is very large as compared with X'j or \’i>, ^V — is 

almost equal to V, and the above equation becomes 

(f=KV(\',“V,) (2) 

Thus 6 is proportional to the potential difference to be 
measured. 


(b) Large potential difference. ]f the potential difference 
to be measured is large, the needle is not given a separate 
potential, but is connected to one pair of quadrants and thus 
its potential is made equal to, say, Vi. Then 


:K(v,-;^^=)(V,-Y.,) 


= f (V,-V=) (Vi-Y.) 

= K'(Vi-W.n (3) 

Where K = —• In this case the deflection is proportional to 
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the square of the potential difference to be measured, and 
the arrangement can as well be used for the measurement of 
an alfeniating potential difference. 

Q. 164. How would you determine the specific 
inductive capacity of a solid substance ? Give a 
sketch of the experimental arrangement you would 
employ. (Punjab, 1931) 

Aus. Hopkinson’s Method. A battery B consisting of 
an even number of exactly similar cells is earthed at its middle 



point, so that the potentials of its poles, connected to studs 
1 and 2, are equal and opposite (Fig. 129). 

The lower plate of a guard-ring condenser G-C., the outer 
cylinder of the sliding cylindrical condenser C.C., and a pair 
of opposite quadrants of a quadrant electrometer Q.E. are 
also earthed to eliminate any disturbance due to the surrounding 
objects. Spring keys Kj and K-i are connected with the inner 
cylinder of C.C. and the upper plate of G. C. respectively, and 
they are provided with ebonite knobs to press them. 

On pressing the knobs, the inner cylinder of C C. and the 
upper plate of G. C. are charged to potentials -V and +V 
respectively. On releasing the keys they come in contact 
with the studs 3 and 4 connected to the other pair of opposite 
quadrants of the electrometer. In this process the opposite 
charges of the two condensers are mixed and their resultant 
charge is shared with the electrometer. 

By adjusting the position of the inner cylinder of C.C., the 
capacity of this condenser is changed so that on mixing the 
charges the electrometer shows no deflection. This shows that 
the two charges are exactly equal and opposite, and as the 
potential differences of the two condensers are also equal 
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and opposite, therefore llieir capacities arc equal. If A lie 
the mean area of the central plate of G.C. and the Rap and 
d the distance betu-cen the two plates, its 

Capacity-— r — (l) 


'I'he capacity of the cylindrical condenser is Iccpt coastatit, 
and a large slab of thickness t of the solid, whose specific 
inductive capacity P is to be measured, is placed on the 
lower plate of G. C This increases the capacity of this 
condenser, and by lowering its lower plate through a distance 
.V, its capacity is lowered to its original \-aliic, so that on 
sharing the charges the electrometer gives no deflection. 

Let o be the surface density of the charge on its plates. 
Hlectric intensity in the air space = l^rf 

Thickness of ,, — d~/+.v 

Fall of potential in ,, ,, ~ [d— l + x) 

T-, • dTTc 

Electric intensity in the slab = 

'\7r (7 

Fall of potential „ ,, / 

K 

TT drriT/ 

Hence \ = -p.jTra (,/-/+. v) 


and 


Capacity = 


= 47rr7^r/-i'-}-.r+ -—J 
nA 




This is also given by (1) 




( 2 ) 


A. 

47rf7" 


A 




or 

or 


if- ff— f +.V + 


Kf-K.r=/ 


K 



PART vir 


CURRENT ELECTRICITY 


Q, 165. Find an expression for tlie insulation 
resistance of a cable. 

If the insulation resistance of a cable between two 
stations is 20,000 ohms, and that between one station 
and an intermediate station is 30,000 ohms, find the 
insulation resistance between the intermediate station 
and the other station. 


Alls. Insulation Resistance. Let I be the length of 
the cable, S the specific resistance and rj and rj the internal 
and external radii of the insulation (Fig. 130). The leakage 
of current takes place from the conductor inside to the 
outside perpendicular to the insulation and not along it. 
In the conductor current flows from its one end to the other 
along its length and perpendicular to its cross-section area, 
but in the case of the insulation, current leaks through its 
thickness and perpendicular to its inner cylindrical surface. 
The face area of the insulation perpendicular to which 


the current travels increases outward, 
but for a very thin sheath of 
internal radius .v and thickness dx 


it is practically the same on the two 
sides and equal to I X 2Tr.v. 


Resistance 


of sheath = 


S dx 
2r:li 


Resistance of insulation — 


J 2^1x 
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Thus the insulation resistance is proportional to the logarithm 
of the ratio of its external and internal radii and is iuvcrsdy 
proportional to its length. 

Problem. The two insulation resistances between the 
intermediate station and the other two stations are in 
parallel. Therefore, if -v ohms is the insulation resistance 
between the intermediate station and the other station, 

1 . 

A- 3000(1 20000 

1 1 ]_ 

.v" 20000 30000 

^ 3-2 
~ 60000 

__J 

“60000 

and A-— 60,000 ohms. 

Q. 166. State and explain Kirchoff’s laws on the 
distribution of currents in a network of conductors. 

A Grove cell of e.m f. 2 volts and resistance 1 ohm 
is joined in parallel to a Daniel cell of e.m.f. 1 volt 
and resistance 1 ohm by two wires of resistances 2 
ohms each. The electrical middle points of the 
connecting wires are joined by a wire of resistance 
9 ohms. Calculate the current through the Grove 
cell. [Calcntla, 1922) 

Ans. Kxrchoff’s Laws. 1. At any point in a circuit 
in xvhicli current is flowing the algebraic sum of the 
currents meeting there is zero. 

Current at a point is equal to the rate of flow of electricity 
there. As there is no accumulation of electricity, the rate 
of inflow of electricity is equal to its rate of outflow at the 
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same point. The incoming currents are called positive 
while the outgoing currents are called negative. At a point 
P the sum of the incoming currents (C1 + C2) is equal to the 
sum of the outgoing currents (C3+C4 + C5), Fig. 131 (a). 

or Ci + C..-Cj-C4-C5 = 0 



(2) In any closed path in a network of conductors the 
algebraic sum of the products 'of the current in, and 
resistance of, each part of the circuit is equal to the sum 
of the electromotive forces in it. 

In Fig. 131 {b) resistances P, Q, R, S, and G are connected 
as shown, and B Is a battery of electromotive force E and 
internal resistance B. At A, current C is divided into Cj 
along P and (C — Cj along Q, at D, C> flows, through G 
leaving (Ci — C.j) in R, and current (C — C1 + C.4) passes 
through S. For mesh ADH 

PCi + GCo-Q (C-C,) = 0 
or PCi + GCe=Q (C-Cj) 

But PCi, GCi, and (C -Cl) give the fall of potential from A 
to D, D to H, and A to H respectively, and the above. equation 
shows that the fall of potential from A to H is the same 
I through Q as through P and G. This is according to the law 
of conservation of energy. 

For mesh HDF, 

R(C,-C,)-S(C-C,+ C4)-GC..= 0 . 
and for BAF, 

BC + Q(C-C.) + S(C-C,+ C.,) = E. 
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iiW 


resistance 1 o'^'^ , shown 

cTrcnfc a^pete Up'VS 

thraugli G. 

through BJ, M<> C G.) 
through BB, p, m<i HJ. 

For mesh KAbJ. 

1C+1C+0C, + IC-- , t 

or 3C+9C, = 2 . . < • 


■ 1 


( 2 ) 


D 

Fig. 13 

For mesh BFHJ 

1(C-C0 + UC-C.)+1(C'-C.)-'JC> 

3C-12Cv=-1 •••• 

Subtracting (2) from (l). 

2lCi = 3 
Ci=4- amp. 

Putting this value of Ci m vu> 

3C+^=2 

or 5 

==^'■^==0*2331 amp. 

Q. 167, The electrodes of a g"^y"of ceSf in 

are ioined to the terminals ot a 

LriL. In what ratio will the deflexion oi 

Stered if the slSSlay arranged, all 

of a battery of 3 5-®^^ , , mnducting wires thick, 

the cells being alike and the conducting 

A,.s. Ut the electro-motive “tuiTao/oe"” 

of each cell be the second case, 

electrometer deflection in the hrst cas . ^ 

E M.F. of the battery of 5 cells ot- 

3 cells =3E 

5j if . 

Internal resistance of the battery of 5 cells=5R 

3cells=3R 
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In the first case there is no current in the battery and the 
potential difference between the two pairs of quadrants is equal 
to its e.m f. 



6*) 5E 


On connecting the second battery of 3 cells in parallel with 
the first of greater e.m.f., current C flows through the two, oitf 
of the positive of the bigger battery and into the positive of the 
smaller one. If E' be the effective e.m.f. of the two batteries 
taken together. 


5E-3E = 3RXC + 3RXC 


or 

E^4RXC 


or 

4R 

. . . . (2) 

and 

Ei = 5E-5RXC 



-5E-5RX,A 

[from (2) 


_15E 

4 



. 15E 

4 

. . . (2) 


15E , 

Oi 4X5E‘'^' 


Q. 168. A skeleton cube is 
two of its opposite faces are 
current I enters A and comes 
G. Calculate the equivalent 
cube if each side is of length 
5 cm. and the resistance of , 
100 cm of the wire is one 
ohm. [Punjab, 1930) ' I- 

-Ans. The skeleton cube 
is formed of 12 wires each 
of -xuo = 0'05obin resistance 

(Fig. 133). ABCD and EFGH 
are its upper and lower faces 
respectively, and current I 
enters at A and leaves at G. All 
the paths from A to G are 
symmetrical, so that the current 


formed of wires such that 
ABCD and EFGH. A 
out at the opposite corner 
resistance of the v.’hoIe 
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at A is divided into three canal parts. At 15, D and E a fur- 
ther sub-division into two equal parts takes place ; at C, F, and 

H these equal parts combine to give and three such equal 


currents pass out of G, 

The fall of potential from A to G along any path is equal to 
the algebraic sum of the products of resistance of, and current 
in, each of its parts and is also equal to IR, where R is the 
equivalent resistance of the whole cube. Taking the path 
ADCG, 


1K = 


0'05I 

3 


o 


t)'05I 

3 


0T35I 


3 

K— 0’0+17ohm, 

Q. 169. State the laws which are the basis of calcu- 
lation of the resistance of a network of electrical 
conductors. 


Calculate the effective e.m.f. of three cells of unequal 
e.m.fs. joined in parallel. {Pintjab, 1925) 

Alls. Kirchoff’s Laws. See Q. 166. 

Effective E.M.F. Let three cells of e.m.fs. Ei, E.^, and 
Erf and internal resistances bi, 6 -., and bj respectively be 
connected in parallel and their poles 
joined to an external resistance R, so 
that the corresponding currents in them 
are Cl, ■ C 2 , and C 3 (Fig. 134). Then 
current Cin the external circuit is equal 
to the algebraic sum of the internal 
current. 

C=Ci + C2+Crf . ... ( 1 ) 

Applying Kirchoff’s second law to 
the three closed circuits formed by the 
cells with the external resistance, we get 
CR-t-Ci&i = Ei 

or = , . (2) 



CR , ^ 


. (3) 


Similarly, 
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and 


‘r+'^-r 

b \ 


(4) 


Adding the corresponding sides of (2), (3\ and (4), and 
using (]), we get 

c(^ + " + f ) + (C, + C,+ C. - C) = y' + + jE, 

\ ('1 n-3 /J.U bi b-z b.: 

0 1 + bib,} + bi bzbi | _ Eib>ba + Enbib z+ Esiji.j 

* ) bibib-, 

/. Total current ... (5) 

R(6i6:, + 6165 + 6162) +61616.5 ' ' 

Total internal resistance of the cells 


'L+l+i 

6 1 6.1 6.. 

— 61 6365 _ 

626.5 + 6,6.1+616.. 

Total resistance = R + ,-, r^r'/^TTV 

6>6:, + 616.1+6162 

_ R(626.i + 6 1 6.5+ 6i6..) +616.16.5 , . 

(626,1+616.5+6,62) 

Effective c.i;;./". ~ To/n/ rcsjs/(Tfice X Tola) ciirreiil 

E, 6265 , + £26,6,5+ E.36162 , 

626.5 + 616;,+ 6162 • • • / 

Q. 170. Describe the different ways of grouping of 
cells and show how you would decide the best arrange- 
ment for the strength of the current required. 

Find the minimum number of cells, each of e.m.f. 
0’8 volt and resistance 4 ohms, which will supply 2 
watts to an external circuit of resistance 8 ohms. 

(Bombay, 1930) 


Ans. When an external resistance R is connected with the 
poles of a cell of electromotive force E and internal resistance 6, 

Current = . . . . . . (l) 

If a number of similar cells are available, they may be 
combined in three ways. 
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(1) Series Grouping. Here n cells are connected in 
series so that the positive pole of the first cell is connec e 
with the negative pole of the second ; and so on, and the 
negative ot the first and the positive of the last cell are the 
poles of the battery [Fig. 135 (n)]. 






Fig. 135. 

Electromotive force of the battery 
Total internal resistance 
Total resistance 


~iib 

— R+ 


Current 


R + ?/b 


E 



n 


. ( 2 ) 


This currrent is greater than that obtained with a single 
cell, but the difference depends on the relath'c values of R 
and h. The same current passes through each cell, and the 
rate at which the material of the battery is consumed is more 
than 11 times that in the case of a single cell. This grouping is 
to be used when the external resistance R is very large as 
compared with the internal resistance b of each cell, for then 
this arrangement gives a very strong current as compared 
wnh(l). 
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(2) Parallel Grouping. In this arrangement all the 
negative poles of n cells are connected together, and so are 
their positive poles, so that the e.wJ. of the battery is the 
same as that of one cell [Fig. 135 (/>)]. The internal resistance 


of the battery is decreased 


verv much, and onlv-th of the total 
n 


current passes through each cell. 


Total internal resistance 

u 


Total resistance ~R + - 
11 

.■. Current = — — 7 - . . (3) 

R + - 
11 

This current is greafer than that obtained with a single cell, 
but its excess depends on the relative %’alues of R and ( 1 , and 
this arrangement is to be used when R is very small as 
compared with b, 

( 3 ) Mixed Grouping. Mere itxm cells are divided into m 
rows. Each row contains n cells in series, and m such rows 
are connected in parallel [Fig. 135 (c)]. 

Electromotive force of the battery 
Internal resistance of each row 

„ „ „ the battery 

Total resistance 
.'. Current 


This arrangement is used when the relative values of R and 
b are not according to the extreme conditions of the previous 

arrangements. The product of — and is constant, and 

jj 111 


= ;;E 
= nb 
nh 
in 

m 

«E 

lib 
m 


R-b 
. E 


R , b 

- T 

II 111 


. (4) 
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tbeir svim \s minimvim, an l cuircnt is maximum, wlicn tliey 
are equal, that is, tiie internal resistance 1\ is equal to the 
internal resistance of the battery. 

This is, houe'.'cr, not the must eflicient arranj^cmenl, as the 
internal resistance benif; equal to tlic e.xtcrnal resistance 
50 per cent, of the ener^'y supplied by the h.attery is wasted 
in overcoming its internal resistance. To reduce this wastage 
to a minimum, the internal resistance of the battery should be 
minimum, and for this the cells should be connected in 
p a rail cl > 

Problem. Here E = O S volt, / j- 4 ohms, and R = Sohms. 
For a given current, the number of cell.s is niinimnm 





or 


or 


8=--X4 

III 


n 


-=2 

111 


Maximum current= 


ti X 0‘8 

S + -' X4 
m 


QSa 
15 ' 


But Watts=(amps,)^Xohms. 

A 2^(^) 

\2f)/ 

ii-y=r 

20 / ’ 


It 

' ?.Cl 


ampere. 


X 8 


// = 10 




- ji_p 


= 5 


and 

Hence Total no. of cells= 10X5 = 50 . 

Q' Find the intensity of the magnetic field due 

coil carrying a current, at a point on its 
axis. How can it be experimentally determined ? 

suA ^i?s° ^ obtained with two 

[Punjab, 1936) 
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Aiis. Magnetic Field on the Axis of a Circular Coil. 
Let a current C flow through a circular coil of radius a and 
II turns placed perpendicular to the plane of paper and P be a 
point on its axis and at a distance .r from its centre O (Fig. ] 36). 



The direction of current in the coil is anti-clockwise when 
looked at from the right. Consider a very small length SI 
perpendicular to the plane of paper and join its middle point 
A with P, so that AP is perpendicular to this element, then 
the intensity <1F of the magnetic field at P due to the current 

in it is equal to ^"^2 •'•’d is perpendicular to the plane con- 
taining the element and the point P. 

This intensity is in the plane of paper, and is represented by 
PE. If PA makes angle 0 with PO, angle EPD is equal to 
(90°— fl), and the intensity dF has a rectangular component 
ilF cos(90°— fl) = 3F sinfl along the axis and represented by 
PD, and the other component dF cosfl is perpendicular to the 
axis and is represented by PK. 

The magnetic intensity at P due to the current in an equal 
element at B at the other end of the diameter AOB is also in 
the plane of paper and is represented byPG=PE. Its 
rectangular components along and perpendicular to the axis 
are equal to SF sinfl and SF cosfl and are represented by PD 
and PL respectively. The components along the axis are 
equal and in the same direction, while those perpendicular to 
it are equal and opposite, and cancel out each ether. 

Dividing one turn of the coil in this way, the resultant 
intensity perpendicular to the axis is equal to zero, while the 
component intensities along the axis are all in the same 
direction, and their sum gives the resultant intensity. 
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Intensity at P due to one turn= 


and 


2-110.^ 

'{K’ + .v')' \'RHa- 
2rR‘’C , 

= - -.. along PJ>, 

{R^ + a¥ 

II tiirns= ” - along PD. 

(R^+/)^ 


Experimental Determination. A small magnetic 
needle is suspended or pivoted at P and the circular coil is set 
in the magnetic meridian so that the magnetic intensity. F at P 
due to it is horizontal and perpendicular to the horizontal 
component H of the earth's magnetic field. The magnetic 
needle is under the action of two perpendicular magnetic fields, 
and it is deflected through an angle from its normal position. 
Then 

F = H tanlti 

Uniform Field due to Two Coils. The magnetic 

intensity F changes with .r, and its rate of change — also 

dx 

changes. 


2-uCR" 

^ 2-nCRT ~ m-+xT^ X 2.v} 


F = 

dF 
dx 

+ X 2a-"} 


The rate of change of F with .r is constant when -5 is 
, dx 

equal to zero. 

(RHa-")'^ = 5aW--P.a-T^ 
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R== + .r== 
5.v“=RH.v^ 
4.1-^ =R^ 


If two equal coils are placed parallel to, and at a distance R, 
from each other, the rate of change of the magnetic intensit}’, 
due to either coil, at a point on their common axis and 
midivay between them is constant. Then over a small region 
here the increase of intensit 3 ’ due to one coil is equal to the 
decrease due to the other, and their sum is constant and equal to 
2X2^//CR“ ^ 'iZ'^nC 


Q. 172. Discuss the equivalence of a magnetic shell 
and a circuit carrying current. Calculate the field at a 
point on the axis of a plane circular shell or coil of 
■wire in which a current flows. (Punjab, 1933) 


Ans. The intensity of the magnetic field at a point on the 
axis, and at a distance .r from the centre, of a coil of one turn 

2^R^C 

of radius R and carrying current C is equal to a along 

f.v' + R-)- 

2-R^C 

the axis, and this reduces to 3 ^ when R is very small as 

X 

compared with .v. See Q. 171 for finding this relation. If A is 
the face area of the coil, it is equal to ttR^ and the magnetic 
.X 2AC 

intensity is equal to • 


A plane magnetic shell has a very small thickness (length) 
and the magnetic intensity at a point on its axis at a distance .r 
2M 

from it is equal to where M is the magnetic moment of 

the shell See. Q. 138 for finding this. If A is its face area 

. . . 2A<f> 

and 4> its strength, M = A<l),and magnetic intensity = 

rV 
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This resembles the above expression for the magnetic 
intensity due to a coil, and the two fields are equal if the 
strength rj> of the shell is equal to the strength C of current in_ 
the coil and their face areas are equal. Thus a coil of wire 
carrying current acts at exferiml points in the same manner as 
a very thin magnet of the name size and shape and of appro- 
priate magnetic moment. From this the electromagnetic unit 
of current is defined as that current which when flowing in a 
coil is equivalent to a magnetic shell of unit strength if the 
two are of the same size and shape and are placed in nir. 

The magnetic potential at a point in the field of a magnetic 
shell is equal to the product of the strength <j> of the shell and 
the solid angle <■! subtended by it at the point. Similarly', for 
an equivalent coil carrying current C, the potential at a point 
is equal to Cm. But this equivalence is only for external 
points. When a unit north pole is taken round a magnetic 
shell from its one face to the other, the amount of work done 
is practically equal to 47r'f<. If a hole is bored in the shell, 
the direction of the magnetic force in it is reversecl, and when 
the pole is brought to its initial position, the total amount of 
work done is zero. On the other hand work done in the case 
of a coil carrying current is equal to 4:rC for its each turn, 
and this is obtained from the source of the current, 

Work done in the case of the shell dcl^ends on the nature of 
the surrounding medium, while that in the case of a coil 
carrying current is independent of it, for even rvhen the 
surrounding medium is magnetised, the magnetic circuit is 
complete and no work is done. Further, the potential at a 
point due to a shell has only one value, but in the case of a 
coil it is multi-valued, depending on the number of times (hat 
a unit north pole has been taken round the coil. 

Q. 173 . Explain what is meant by a simple magnetic 

shell, and find the potential of such a shell at any point. 

Calculate the magnetic force at a point inside a long 
solenoid of N turns carrying a current of A amperes. 

[Punjab, 1931) 

Avs, See. Q. 138 for magnetic shell and Q. 1/2 for finding 
the potential of a point in Us field. 
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It is proved in Q. 139 that the amount of work done in carrying 
a unit north pole from one face of a magnetic shell of strength 
_ <l> to the other is equal to 4:7</>. In Q. 172 it is shown from the 
equivalence between a magnetic shell and a coil carrying 
current that the amount of work done in carrying a unit north 
pole once round a coil of otic turn and carrying current C is 
equal to 4-C. 

A long solenoid is very closely wound, and the magnetic 
field at a point well xvithin it is nnifonii and parallel to its 
axis there. Outside it the magnetic field is very xveak and 
negligible as compared with its strength inside it. 

Let the length of the solenoid be I so that the number of 
turns per unit length is equal 

to Fig. 137. show's a part of 

the solenoid carrying current of 
C e.in. units. If a unit north 
pole is taken from A to B Fig. 137. 

parallel to its axis, the amount of work done is equal to 
FX AB, where F is the intensity of the magnetic field in the 
solenoid from right to left. No work is done in carrying the 
north pole from B to D and from E to A at right angles to F, 
and as the field outside the solenoid is negligible, no appreci- 
able work is done in taking the pole from D to E. 

The number of turns of the solenoid from \ to B is equal to 



X AB, and as the amount of work done in carrying a unit north 
pole once round one turn is equal to 4-C, the total amount 
of work done in once going round ~ ^ AB turns is equal to 


N 

4-C X yX AB. 

fxAB=— P^XAB 
„ 4^NC 

or I 

_4-NA 

101 
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A 

as A amperes=~Q e. m. units. 

Q. 174. Determine the magnetic field at the centre 
of a long solenoid. Show that the field at the end of 
such a solenoid is one-half that at the centre. 

[Bombay, 1928) 

A ns. Pig. 138 represents a part of the long and closely 
wound solenoid whose turns of radius Rlie between the upper 
and lower lines, AB and DE, and the axis passes along the 

middle line. The magnetic 
field inside the solenoid is 
uniform and parallel to its 
axis and if the direction of 
current is anti-clockwise 
when looked at from the 
right, the intensity of the 
magnetic field is from left 
to right. 

Consider the magnetic 
D E field at P due to the cur- 

Fig. 13b'. rent C in the turns of the 

solenoid in a very small length dx from A to G. P is at a 
distance .v from the centre O of this thin circular coil con- 
taining n.dx turns, where his the number of turns of the 
solenoid per imit length, and as sho-wn in Q. 171, the intensity 

(fP of the magnetic field at P is equal to^^ — ^ from left 



to right. 

Draw GH perpendicular to AP. Then 
GH = J.r- sin0 




also 

or 

and 


GH = GP.^fe=(R2+.r^)-ri(y 
sin 0 dx={'B}A-x'^)~dO 

Sind 

(R“+-v^)“ sin0 
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= Zttuc sin 

Integrating this expression for the limits 6»i and O-i, the 
values of the angle APO when point A is at the left and right 
ends of the solenoid respectively, we get the total magnetic 
intensity F at P given by 

e- 

F= ( 2)r«c sin 0 dtl 


= 2^//c[— cos o] 

0i 

= 'AttIIC (cos t>i — cos Bj) . . . ( ] ) 

When the solenoid is very long and P is far removed from 
its two ends, 0i=0°, and 0..= 180°. 

F=2;r//c (cos 0°-cos 180°) 


= 4jr//c (2) 

If P is at the right end, 0i = O°, and 0^ = 90°, and 

r-‘'=2r//c (3) 


Similarljf, when P is at the other end, 0i = 9O°, and 6s — 0, 
and F is numerically equal to 2irnc. Thus the magnetic 
intensity at the end of a very long solenoid is one-half that 
at a point well within it. 

Q. 175. (rr) Describe the construction of a moving 
coil galvanometer, and derive an expression for the 
relation between the current and deflection. 

{Punjab, 1938) 

(6) Explain how with the help of an additional 
resistance it can be used as an ammeter or as a volt- 
meter. {Punjab, 1935) 

Alls. Moving Coil Galvanometer. A rectangular coil 
of length I and breadth b made of fine wire is suspended by 
a phosphorbronze wire in a narrow gap between the poles of 
a very strong permanent horse-shoe magnet, with its faces 
parallel to the magnetic field (Fig. 139). The ends of the 
poles are made circular, and a soft iron cylinder is fixed 
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between them to make the magnetit lield strong and radial. 

Tire cod rotates round tins 
C5’)iiider, and in a)) ils posi- 
tions tire lines of force are 
parallel to its breadth. At 
the bottom of the coil is 
connected a line spiral, and 
1 - 1 !'. suspension wire 

serve as the leads for passing current through the coil. 

If a current C passes through the cod, ils sides e.\perience 
two equal, parallel and opposite forces, each equal to iiFCf, 
where ii is the number of turns m the cod and 1' is the 
intensity of the magnetic field. These forces are perpendi- 
cular to both the length of the coil and the magnetic field, 
that is, perpendicular to the face of the coil, and form a 
couple whose arm is equal to its breadth l>. 

hloment of deflecting couple — nh'Cf X h 

-nFCA, ' (I) 

where A is the face area of the coil. 



When the coil is deflected, a twist is produced in the sus- 
pension and this opposes its deflection. The restoring couple 
increases with the angle of deflection until at deflection 0 it 
becomes equal to the twisting couple when equilibrium is 
reached between the two couples. If K is the restoring 
couple per unit angular displacement (radian), its value for 
d radian is equal to Kd. 

.’. iiFCA — Kfl 


or 


where K' is equal to • 


K 

/;FA 


galvanometer. 


r = M- 
nFA 

( 2 )- 

and is a constant for a given 


If no soft iron ore is used to make the magnetic field 
radial, it is parallel to NS, and when the coil is deflected 
through e, the arm pf the deflecting couple is 6 cos 0 and its 
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moment in that position is equal to /;FCA cos 0. In this case 

KO 

;/FA cost) 

(b) A moving coil galvanometer can be used as an ammeter 
or voltmeter by using a suitable resistance. The moving coil 
is not suspended but is pivoted between jewel bearings and is 
kept in position by a spring. A pointer is connected through 
,a lever Avith the spring, and thus the deflection of the coil is 
shown magnified by It. 

Ammeter. It is connected in series with the circuit whose 
current it is - to measure in amperes. It has a very low 
resistance so that its introduction in the circuit may not 
increase its resistance appreciably and decrease the strength 
of the current. A shunt of suitable very low resistance is 
connected in parallel with the coil of the galvanometer, and 
the instrument is graduated. 


hlost of the current flows through the shunt, and a very 
small fraction of it which passes through the galvanometer 
produces its deflection on a graduated scale. If a current of 
C ampere produces full scale deflection of a galvanometer of 
resistance G ohms, the current through a shunt of resistance 


' " C X o 

S ohm is equal to — g — amp., and, therefore, total current is 
equal to C + ^ ^ amp. The smaller the shunt 


resistance, thp greater is the total current for a given galvano- 
meter current, and thus by using shunts of different resistances, 
the same instrument can be used for different ranges. 


VoUmeier. It is used for measuring potential difference, in 
volts, between two points of an electric circuit, and for this 
purpose, it is connected in parallel with the part of the circuit 
between these points. This potential difference is equal to 
the product of the resistance of that part of the circuit and 
the current passing through it, and if the voltmeter is to 
measure this P.D. correctly, it should take inappreciable 
current, so that current in that part of the circuit remains 
practically the same as before. For this reason resistance of 
a voltmeter is made very high, and- a moving coil galvanometer 
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can be used as a voltmeter by connecting a very high resistance 
in scries with it, and calibrating its deflection in volts. 

When a resistance of R ohms is connected in series with-, 
the galvanometer and its full scale deflection is obtained, 
current through it must be equal to C amp , and the fall of 
potential over this resistance and the galvanometer is equal 
to C(R+ G) volts. This is the potential difference between 
the two points of the circuit to which the ends of the 
instrument are connected. The greater the value of R, the 
greater is the fall of potential through it and the galvano- 
meter, for a given galvanometer current, and thus the same 
instrument may be used for different ranges of voltage. 


Q. 176. Describe the construction of a suspended coil 
galvanometer and explain its action. Ho w would the 
deflection produced by a given potential difference be 
altered by rewinding the coil with twice as many turns 
of wire of half the original cross-section ? 

{Punjab, 1936) 

Alts. Suspended Coil Galvanometer. See Q. 175 for' 
its construction and action and the terms used below. 


Problem. Let S ohm-cms. be the specific resistance of 
the wire and E volt be the potential difference applied to the 
galvanometer. 


First Case, Total length of the 
Cross-section area „ „ 

Resistance ,, „ 


\\nxQ = n2{l + b) cm. 


= a sq. cm. 
_ 2S»(^ + 6) 
a 


ohms. 


Current-— J'^-amp..- 

Ecr 

Force on each turn of the coil-^~|~ dynes 


j> j, n turns 


EcrFZ 

~20S(Z + 6) 
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-Moment of the deilectiiiR couple = units 

EaFlb 


••20S(/ + />)' 


: KVI 


hcrF/b , , 

“20S(f+6)K' ■••'(!) 

[The deflection is independent of /;. If n is doubled, coil 
resistance is doubled, and the current in it is reduced to half. 
The force on each turn becomes half, but the number of turns 
being doubled', the total force on the coil and the deflecting 
couple remain unchanged.] 

Second case. The cross-section of the wire is reduced to 
half, but other terms in the value of 0 in (l) remain the same. 
Therefore deflection in the second case is half of the deflec- 
tion in the first case. 


Q. 177. A galvanometer, a resistance R, and a battery 
of resistance B arc joined in a circuit. When a shunt 
S is put across the terminals of the galvanometer, a 
^ certain deflection is produced. If the resistance R is 
changed to R', and the shunt S is changed to S', same 
deflection is produced. State the relation between 
the change of R to R' and that of S to S', and find the 
resistance of the galvanometer in terms of the given 
quantities. {Bombay, 1930) 


Alls, Let E be the e.ni.f. of the battery and G the resis- 
tance of the galvanometer. The galvanometer and the shunt 
being connected in parallel their combined resistance in the 

OS GS^ 

first and second case is equal to err-^and respectively, 

G-rb G + b 


and the galvanometer current is equal to the total current 
multiplied by the shunt resistance and divided by the sum of 
the galvanometer and shunt resistances. 


(?) First case. 


Total resistances = R -4 BH- 


g'+s 


E 


K + E+ 


J3S 

G-fS 


Total current 
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Galvanometer current - v 


R+r.+ 


B ,, 

, GS \ (G + S) 


G + S 


(;■/) Scconci case 


Total resistance = R +11+ G + S' 


Total current= 


and Galvanometer current = 


R’ + B+— 

Cl +b 


' + B + 


GS' N^(G + S'y^^^ 
G + S'/ 


Equating (l) and (2), we get 

. GS \ (G+S) /„, , „ , GS' \(G+S') 

(r+b+^I ^-=(k+k+g+s=) -s’^- 

Multiplying both sides by SS' and simplifying, 

RGS' + RSS' + BGS' + BSS' + GS' 

= R’GS + R'S'S + BGS + BS'S + GS 

or SS'(R' - R) = G(RS’ + BS' + S' - R'S - BS - S) 

. =g;rs'-r's+b(s'-s)’ 

• p, SS'(R'-R) 

■■ 1RS'-R'S+B(S'-S)1 

Q. 178. Explain the theory of the ballistic galvano- 
meter and show how it can be employed in the 
determination of a quantity of electric charge. 

{Bombay, 1929) 


Alls. Ballistic Galvanometer. It is used for the 
measurement of electric charge Q which is passed through it 
for a very short time. The suspended part (magnetic needle 
or coil) is of large moment of inertia K to make its period 
of vibration T large, so that it takes up motion very slowly 
and even when the current passing through it has ceased, it 
has not moved appreciably from its normal position. This 
makes the angle of deflection independent of the time Sf for 
which the charge passes through it. Damping is reduced to 
a minimum, and even for that correction is applied. 
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(a) Suspended Magnet Type. The coil is set in the 
magnetic meridian, and a small magnetic needle of pole 
strength in, length 2/, and moment i\[ is suspended at its centre. 
If the current at any instant is C, the intensity of the magnetic 
field produced by it at the centre of the coil and perpendicular 
to the magnetic meridian is equal to CiC, where G is the 
galv.anometer constant or field produced by a unit current, 
and two equal, parallel and opposite forces inGC act on the 
poles of the needle and perpendicular to its length. 

Moment of the couple acting on the needle= 2/ X mGC 

= MGC 

Angular impulse= |*!\IGCd/ 

= MG I Crf/ 

= MGQ 

•Moment of momentum = Kc.’. 
where oi is the angular velocity at the start. 

.-. K(.*=MGQ 

or KW= M'G'Q'. (l) 

If H is the horizontal component of the earth’s magnetic 
field, work done in deflecting the needle through angle /S is 
equal to MH(l — cos /3), and this is equal to its kinetic energy 
-UG'i" at the start. 

UGr=MH(l-cos /S) 

= 2MH sin" 

or K(o- = 4MHsim(|] (2) 


Dividing (l) by (2) we get 


. MG-Q-^ 

4H sin’jl) 

also 


or 

T-MH 

4.- • ■ 



(4) 
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Equating the values of K in (3) and (4), we get the value of Q, 


MG^Q^ ._T:M_H 


4H sin’ 


4 ^“ 


T'^H" sin' 


or 


o-= — 




TH . 
O = —pr sin 

;rC j 


(!) 


(5) 


(6) Suspended Coil Type. A coil of N turns, length /, 
and breadth b is suspended between the poles of a strong 
magnet in a magnetic field of strength F by a fine wire for 
which the twisting couple per unit angular displacement 
(radian) is equal to n. If the current at any instant is equal 
to C, the two arms of the coil experience equal, parallel, and 
opposite forces each equal to NFC/ and perpendicular to its 
face. 


Moment of the couple = NFC/ x 6 = FCA, 
where A is N times the face area lb of the coil. 

Total angular impulse = j*FACd/ 

- FA ^ Cd/ 

= FAQ 

Angular momentum = Kni 
K<.,= FAQ 

and KV=F^A'Q" (6) 

The restoring couple is proportional to the angle of twist 
of the suspension, and the amount of wmrk done in twisting 

P 

the suspension through an angle /5 is equal 

0 

and this is equal to the kinetic energy iKio" of the coil at the 
start. 


iK..r= 4,1^3= 


(7) 
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Dividing (b) by (7) we get 


F-A\)- 




Equating the values of K in (s) and (y), we get 
FlA-'Q-= _ T'-// 

;//l- 4-" 

. T V// 


“ 2rFA 

The value of ^ in the first case and in the second case 
G I' A 

is found by passing a steady current I through it and noting 
the deflection a produced. 


Suspended magnet. 


r H 

I = — tan </, 
Cj 


H _ I _ I 
G tan u rt 

if u is very small and e.xpressed in radian. 

Suspended coil. NFIZX6=/ja 
or FI A = //ft 


n _ 
FA ~ V. 


(11) 


( 12 ) 


Q. 179. A condenser is charged to a P.D. o£ 1 volt 
and then discharged through a ballistic galvanometer. 
The deflection is 4T6 cm. on a scale placed one metre 
from the mirror. The time of 20 complete oscillations 
(without appreciable damping) is found to be 175 
seconds and the steady deflection corresponding to a 
current of one microampere is 11’6 cm. What is the 
capacity of the condenser ? {Bombay, 1933) 
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Alts- See Q. 1 


,.= ^ radian 
1= 10“® ampere 

a ~ "ir6 ire 

T “ — — = <>‘75 seconds 
20 

/)=— radmn 


Charge 0 = 


8‘75x lO'-'xrie 


.. \„naige w 2 x3‘142x irex 100 

= 0‘4992X 10"'^ coulomb 

1'ulcnt.ial dilt'erence= 1 volt 

0‘4992X10'‘^ 

Capacity of thecoiulenser— - 

= 0‘4992X lO'*^ Farad. 


Q. 180. Show that the amount of heat generated per 
second in a conductor by the passage of current through 
it is ia%'ersely proportional to the conductivity of the 
conductor. 


A railway carriage is lit up by thirteen 9 candle 
power lamps each taking V22 ampere at 15 volts. 
What is the resistance of each lamp, how much heat 
in calories is generated per second in each lamp, and 
what is the total power in watts used in lighting the 
compartment? [Calcutta, 1933) 


The potential difference V between tv.-o points is equal 
to the amount of work done in carrying a unit positive charge 
from the point at the lower potential to the other. If Q units 
of ch.arpe are passed at a imijonn rate in a time i, the 

strength of current C is eiiual to ~ . Electrical energy is 

spent in doing v.-ork in overcoming tire resistance R of the 
conductor between tlie two points, and this energy is converted 
into heat. 
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Work done = VxQ = VC<=-C^R/ 
C^R/ 

Heat produced =— j — , 

where J is the mechanical equivalent of heat, 
and 


Rate of production of heat = ' 


JXf 


(V V-CR) 


C^R 

J 


Thus the rate of generation of heal, for a gh>cr/ current, 
is proportional to the resistance of the conductor or inversely 

proportional to its conductivity, which is proportional to ^ 


Problem. Resistance of each lamp ==—r~ 

^ 1 22 


R 

= 12' 30 ohms. 


VC (l’22)^ X 1 5 

Heat generated per second in each lamp = — 

' J 4-16xr22 
= 4'399 calories. 

because joules per sec. ( = watts) "= volts X amps, and one 
calorie =■416 Joules. 

Power of each lamp = V x C-- 15 x r22 watts 
as watts = volts x amps 

Power of 1 3 lamps = 1 5 X- r22 X 13 
= 237‘9 watts. 


Q. 181. Explain Faraday’s laws of electrolysis. 

A current passes through a coil of wire immersed 
in a vessel of water containing 3 kilos, of water and 
then through a copper voltameter. The resistance of 
the wire is 5 ohms, and it is found that the temperature 
of water rises 10°C per minute. How much copper is 
deposited per minute ? (Electro-chemical equivalent 
of copper in c.g.s. units =0 003281). {Bombay, 1934) 

Alts. Faraday's Laws of Electrolysis. First Law. 
When current i.s passed through a solution of an electrolyte, 
the amount of an ion liberated at either electrode is propor- 
tional to the strength of the current and the time for which 
it is passed. 

This means that the amount of an ion liberated is propor- 
tional to the product of current C and time t, that is. 
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proportional to the iotal quantilj’ of electricity Q( = C/) passed 
through the electrolyte. A weak current passed for a long 
time sets free the same amount of an ion as a strong current 
sent for a short time, provided the product of current and 
time is the same in both the cases. The same amount of 
electricity liberates the same mass of an ion But this does 
not mean that the same mass of different ions is set free at the 
two electrodes. This law indicates that the ions are responsi- 
ble for carrying electricity through the electrolyte, and that 
the mass of each ion liberated is proportional to the amount 
of electricity passed. 

Second Law. When the same current is passed through 
different electrolytes for the same time, the masses of the 
different ions liberated are proportional to their respective 
chemical equivalent weights. 

Suppose solutions of copper sulphate and silver nitrate are 
placed in separate voltameters, connected in series, and current 
is passed through them. Copper and silver will be deposited at 
the cathodes of their respective voltameters, while the same 
mass of o.\ygen will be set free at the two anodes. It will be 
found that the amounts of copper, silver, and oxygen set free 
are in the ratio of 3T5, 108, and 8 respectively : but these 
are their respective chemical equivalent weights. 

Amount of ion A liberated _ Chemical equivalent of A 
Amount of ion B liberated Chemical equivalent of B 
Therefore the same quantity of electricity is required to 
liberate the gm. equivalent of any ion. The mass of an ion 
liberated by a unit quantity of electricity' is proportional to its 
chemical equivalent weight, and is called its electro-chemical 
equivalent. 

Electro-chemical equivalent of A Chemical equivalent of A 
Electro-chemical equivalent of B Chemical equivalent of B 
Problem. Mass of water = 3000 gms. 

Rise of temperature per minute = 10°C 

Heat produced per minute= 3000 X 10 calories 


= 30000 X4T6 Joules. 
Resistance of the wire =5 ohms. 


Current 


= v/ 


30000 X4’16 


5X60 


amp 
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as, Energy (Joules) — (current in amps. x resistance (ohms) 

X time (seconds). 

Electricity passed in one minute=60 U416 coulombs. 

Electrochemical equivalent of copper = 0‘003281 gm./e.m. unit 

= D‘00032S1 gm. /coulomb 
• Amount of copper deposited in one minute 

= 0’0003281 x^0^"416=0•4016gm. 

Q. 182. A normal Danieirs cell has an c.m.f. of 1'07 
volts and resistance of 2 ohms. Its terminals are conr 
nected by two wires in parallel of resistances 3 and 4 
ohms. Assuming that the electro-chemical equivalent 
of copper is 0 000328 gram per coulomb, calculate the 
weight deposited in the cell, and also the heat developed 
(rr) in the cell, (6) in each of the wires, during an hour 
of the working of the cell. {Punjab, 1931) 


Alls, (i) Combined external resistance 

4X3 12 , 

Total resistance = ^+2 = ^ ohms. 

^ ■ . 1'07x7 

lotal current^ — r;: — amp. 


Charge passed in 1 hour = 
. Copper deposited in 1 hour = 


26 
r07x7 
26 


X 60 X 60 coulombs. 


1 '07 x7X60X60X0-000328 
26 


. =0'3402 gm. 


Heat developed in one hour in the cell 

A 9221? j X 2X60X60 

~ ’ 4T6 

= 143’6 calories 

as work (Joules) = (current in amps.)“ X resistance (ohms) X time 
(seconds), and one calorie = 4' 16 Joules. 

The current in the external circuit is divided into two parts 
in the inverse ratio of the resistances. 
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r07X7 

^ 4 

274 

amp. 

Current in 3 ohms resistance wire— 

7 13 

1‘07 X 7 

3 

3‘21 


„ 4 „ ., - 26 

7’ 26 

amp.' 


Heat developed in 1 hour in 3 ohms resistance wire 

2'14^x 3 X 60X60 
' 13^X4’16 

= 70’37 calories 

and Heat developed in 1 hour in 4 ohms, resistance wire 

- 3'21~X4X60X60 
26^X4’16 
= 5278 calories 

Q. 183. Explain how, from the phenomena of elec- 
trolysis, we get an idea of the atomic nature of 
electricity. 

A current of 2 amperes is passed through a copper 
sulphate solution. The area of the cathode surface iss 
rS sq. metre Calculate the average increase in the- 
thickness of the copper deposit per minute. (Electro- 
chemical equivalent of copper = 0'0003294. Density 
of copper= 8’9) {Calcutta, 1936) 

Ans. Atomic Nature of Electricity, As in electro- 
lysis the amount of a substance deposited is proportional to 
the amount of electricity passed, it follows that a definite 
charge of electricity is associated with a definite mass of the 
substance. Further, the amounts of different ions deposited by 
the passage of the same quantity of electricity are proportional 
to their chemical equivalent weights, or the same amount of 
charge is required to deposit a gram- equivalent of any 
ion. Thus the charge carried by all the monovalent ions is 
the same, because the number of atoms in a gram-atom of 
any element is the same. Again, the charge of all the 
bivalent ions is the same, but is tvrice the charge on a 
monovalent ion. Similarly, the charge of all the trivalent 
ions is the same, but is three times that of the monovalent ions. 

The smallest charge met with in electrolysis is that carried 
by a monovalent ion, and all other ionic charges are integral 
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multiples of it. Thus electricity has atomic nature, that is, it 
has an ultimate indivisible unit, and any charge consists of 
an integral number of such atoms of electricity. 

Problem. Current = 2 amps. 

Electricity passed in 1 minute = 2 X 60 coulombs 
Electrochemical equivalent of copper= 0’0003294 

gm., coulomb. 

Amount of copper deposited = 0 0003294 X 120 gms. 

Density of copper =8‘9 gms./c.c. 

, , , 0'00329X]20 ' 

N'olume of copper deposited = — c.c. 

8 9 

Surface area of cathode = I'S x 100 X lOO sq. cms. 

Average thickness produced per minute 

0’00329X 120 

8*9X rsx lOOX 100 
= 2'957X 10-’’ cm. 


Q. 184. The heat of combustion of hydrogen and 
oxygen to form water is 34,200 calories for each 
gramme of hydrogen burnt. -A C.G.S. unit current 
decomposes in one second 0’000945 gm. of water. The 
mechanical equivalent of heat being 4'2x 10^ ergs, find 
in volts the smallest e.m.f. which can decompose water. 

[Punjab, 1932) 


A ns. When hydrogen and oxygen combine together to 
form water, heat is set free, and, therefore, when they are 
separated the same amount of heat is absorbed and is equal 
to 34,200. calories for 1 gm. of hydrogen. As I gram-molecule 
of water (18‘016 gms ) consists of 16 gms. of oxygen and 
2‘016 gms. of hydrogen, 

Heat required for decomposing 1 gm. of water 


34200x2016 

18‘016 


calories 


34200 x2’Q16x4'2x 10' 
18016 


ergs . 


( 1 ) 


.\mount of water decomposed by 1 e.m. unit of electricity 
= 0'000945 gm. 
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Amount of electricity for decomposing 1 gm. of water 

= — Tr- ean. units. 

0 000945 

If V e.m. units is the potential difference between the two 
electrodes of the voltameter, amount of work done in passing 

g units of electricity, or 

0 000945 

Energy spent for decomposing 1 gm. of water 
V 


^ O' 000945 

Equating (l) and (2), we get 

V 34200 X2'016X4'2X10" 


( 2 ) 


0'000945' 


18‘016 


.'. Smallest e.m.f. required 

_ 34200X2'016X4'2X IO^XO'000945 
18'016 

= rS 18 X 10® e.m. units 
= 1‘518 volts. 

Q. 185. Explain the terms : molecular conductivity, 
transport ratio, and the degree of dissociation. Describe 
an experimental arrangement for determining the 
conductivity of an electrolyte. [Punjab, 1935) 

A ns. Molecular Conductivity. In a solution of an 
electrolyte its molecules are dissociated into ions, the degree 
of dissociation depending on the dilution of the solution. A 
molecule is broken up into a positive and a negative ion, and 
when a potential difference is produced between the two 
electrodes, positively charged ions move towards the cathode, 
while the negatively charged ions move in the opposite 
direction towards the anode. 

The strength of the current in the electrolyte depends on. 
the potential difference applied, the concentration of the 
electrolyte, and the velocities of its ions. The conductivity 
K of the electrolyte depends on the last two factors, and is 
equal to the reciprocal of its specific resistance. If the 
concentration of an electrol)'te is equal to in gram-equivalents 



Q. 185. 


CUKRENT ELECTRICITY 


35 ^ 


per litre of the solution) its molecular conductivity (or equivalent 
conductivity) is equal to Kim. The conductivity of a very 
dilute solution is proportional to its concentration, but its 
molecular conductivity is constant, 

Degree-of Dissociation. All the molecules of an electro- 
lyte are not dissociated. As the concentration of its solution 
is decreased, more of its molecules are dissociated into ions. 
The number of charged particles is increased, and this leads to 
an increase in the value of its molecular conductivity. Its 
degree of dissociation is the fraction of its molecules ionized, 
that is, the ratio of tlie number of molecules dissociated to 
the total number of molecules, and is equal to its molecular 
conductivity divided by its molecular conductivity for infinite 
dilution. 

Transport Ratio. The velocities n and v of the kations 
and anions respectively of an electrolyte are usually 
different, and each depends on the nature of the ion and the 
potential gradient in the solution. The number of anions and 
cations deposited in a given time is the same, but as their 
velocities are dilTerent, tlie concentration of the solution near 
the two electrodes changes by different amounts, if it has 
no chemical action on the electrodes, though it remains the 
same in the middle portion of the solution. The decrease of 
concentration near an electrode is proportional to the velocity 
of the ions goi;;g away from it. 

A node sp ace loss __ Velocity of kations _n ^ ^ ^ 

. Kathode space loss Velocity of anions v ' 

■'\ node space loss n 
Total loss n + v 


K athod e space 1qs.s -_- r 
Total loss » + x> 

The fractions given by (2) and (3) are called the transport ratio 
(or niiiiraiion constant) of the anions and kations respectively. 

Conductivity of an Electrolyte. Two arms, DE and 
EE, of a Wheatstone bridge contain equal and large resistances 
P,' arm ' AF contains a glass tube containing the electrolyte, 
while the fourth arm AD contains a smaller tube containing 



360 


PHYSICS 


Q. 186. 


the electrolyte and 


a variable resistance (Fig. 140). A high 
resistance galvanometer 
C is connected between ^ 
D and F, and a battery 
B of high voltage is used. 
The two tubes contain- 
ing the electrolyte are 
of exactly the same uni- 
form and narrow bore, 
and the electrodes placed 
very near their ends are 
of platinum coated with 
platinum black. 

By adjusting the vari- 
able resistance the third 

and fourth arms are also made of equal resistances. Then 

R + S = Q 

or Q-S=R 

If the longer and shorter tubes are of lengths /, and h 
respectively and cross-section area a, and P is the specific 



resistance of the electrolyte, 

Resistance Q = 


S = 


a 


Q-S=- (/,-/,) 


-R 


or 


and 




Rrt 




Conductivity K = '- 
P 


Q- 186. 
numbers ? 


What do 


you 


Oi-h ) 

R(t 

understand 


by transport 
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Show how a knowledge of the transport numbers 
together with the knowledge of the molecular con- 
ductivity of an electrolyte enables us to determine 
the migration velocities of ions. {Bombay, 1931) 

Ans. Transport Numbers. See Q. 185. If and v 
cm./sec. are the velocities of the kations and anions 
respectively, 

I’ransport number of kations--^ . . . . (1) 

u-tv 

and „ „ „ anions . . , . (2) 

II + v 

The strength of current in an electrolytic solution 
depends on (1) the number of ions per c.c , (2) charge on 
each ion, and (3) velocities of ions. When the solution is 
very dilute, all the molecules of the solute may be assumed 
to be dissociated. Let a gram-equivalents per c.c. be the 
concentration of the solution, Q e.m. units be the charge 
carried by a gram-equivalent of the ions, which is the 
same for all ions, and consider an area sq. cm. of the solution 
parallel to the two electrodes. 

When potential difference is applied to the electrodes, the 
two kinds of ions move in opposite directions. All the 
kations contained in a volume iiA c.c. on the side of the area 
at higher potential pass through it in one second, while all 
the anions contained in a volume vA c.c. on the other side 
cross it in the opposite direction in the same time. 

Charge on kations = QK»A 
,, „ anions— — QwA 

As the flow of positive charge in any direction gives the 
same direction of current as the flow of the negative charge 
in the opposite direction, 

Current through area A~QnitA + QitvA 

= QnA(» + T>) e.m. units (3) 

If (5E e.m. units be the fall of potential over a length S.r 
cm, in the electrolyte of conductivity K e.m. units, the 
resistance of the electrolyte column of length Sx cm. and cross- 
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section area A sq. cm. is equal to e. m. units, anti 
oE . oE 

Current = -T- = KA e.m. umts, , . • 

(U- ft-V 


where or — is the potential gradient. 
3.T (ix 

Equating (3) and (4), we get 


QuA 


(u + r) = KA 


43 

dx 


I 1 \ 1^ { 5 1 

or [n + v)—-~ . . \d) 

Qn dx 

The concentration of the electrolyte is lOOOn grarn- 
equivalents per litre, so that the molecular conductivity is 

equal to : and the value of Q is 9470 e.m. units. Thus 

lOOOn 

knowing the values of molecular conductivity, charge Q, and t 
potential gradient, the value of (» + u) is determined, and 
combining this with (l) or (2), the migration velocities of 
the corresponding ions are found. 

Q. 187. Give an account of the chemical changes 
which occur in a storage cell during charge and 
discharge. 

An accumulator has a capacity of 28 ampere hours. 
What is theoretically the least weight of Pb02 on its 
positive plates, given that the Pb02 is reduced to PbO 
and that {a) the electro-chemical equivalent of- 
hydrogen is 0-00001038 gm./coulomb, and (6) the 
atomic weight of lead is 207, and of oxygen 16 ? 

[Pz/fijdb, 1934) 

Ans. Lead accumulator. It consists of a positive pole 
of lead peroxide and a negative pole of lead, both placed in 
dilute sulphuric acid of suitable density. When current is 
taken from it, positively charged hydrogen ions appear on the 
positive and negatively charged oxr'gen ions on the negative pole. 
Hydrogen combining with lead peroxide produces lead oxide 
and water ; lead oxide then combines with sulphuric acid and 
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forms lead suliihate and water. These changes are given 
by the following eciualions : — 

PbO,+ 2H — > PbO + H.O 
PbO + H,S04 PbS04+ H.O 

Oxygen combines will) the lead of the negative pole to form 
lead oxide, and then lead oxide reacts with sulphuric acid to 
form lead sulphate and water according to the equations 
Pb + 0— ^ PbO 
PbO + M.,S04 Pbb04 + H 4 O 

In this process of discharge, water is formed at the expense 
of sulphuric acid, and, therefore, the density of the solution 
decreases. i\s the two poles become more and more similar, 
owing to lead sulphate formed on them, e.iii.f. of the accumu- 
lator decreases ; but long before the process of discharge is 
complete, current is stopped being taken from it, and it is 
then recharged. 

The process of charging consists in sending current, of 
suitable strength, through the accumulator in the opposite 
direction ; current enters the accumulator at its positive pole 
and leaves it at its negative pole, and the process is like the 
electrolysis of dilute sulphuric acid. Oxygen appears at the 
anode and in the presence of water combines with lead 
sulphate to form lead pero.\ide and sulphuric acid according 
to the equation. 

PbS04+ H..+ 20 PbO.,+ H.SO 4 

Hydrogen is evolved at the cathode, and lead and sulphuric 
acid are formed, the reaction being given by 

PbS04 + 2H Pb + H,S04 

In charging sulphuric acid is formed at the expense of water, 
and, therefore, density of the solution increases Electrical 
energy is spent in charging the accumulator, that is, making 
its electrodes of different nature, and being placed in an 
electrolyte the electrodes acquire different potentials, like the 
poles of a simple cell. The accumulator is now ready for 
giving out electrical energy, anode becoming the positive 
pole and cathode the negative. When discharged the accumu- 
lator can be again charged. 
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Problem. 

Chemical euuivalenl uemiu of hydrogen 

” ” •> .. o.sygcn 

Electrochemical ,, 


prm. 


=•• 1-OOS 
= S 

hyrlrotrcn - O-00CO1O3S gm. 

coulomb 
D'OOOUl 038X8 

> 1 ' .. „ owgen — 

1-OOS 

gm. ''coulomb 

Amount ol •^b-clncUy to he pas-sed - 28 X 60 x 60 coulombs 

PKn”® f ^ reduced to 

PbO, and the same amount of oxygen which leaves this 
pole combines with the lead of the negative pole. 

Amount of oxygen lost by PbO... 

_ .P‘PP0Q103S X S X 28 X 60 X 60 
^ ' ' 1-008 
But for o.xygen= 16, PbO..= 207+ 32 = 230 
Least amount of PbO,. 

0-00001038 X 8 X 28 X 60 X 6 0 X 239 
1-008X 16 ^ 

- 124-1 grams. 

t^iermo-electric power of iron is 17 '^ 4 - 4 -R 7 t 
and that of copper is 136 - 4-0 Q^T u --rt • ' 

temperature on tbe ^ is the 

e.m.f. of a thermo-cS? 1 the , 

are at 0°C and 100°C is ^13’o7m? ^“”‘^tions of which 
the result in terms S mic'rSs."' " Tpombrf/S 

A«s. Thermo-Electric Power ^^^7) 

of a thermo-couple are at different junctions 

produced in it. If thp Uerent temperatures, e.in f. is 

kept constant, the magnitudTE^f'fh’ junction is 

tempe™t„. T „( ,h.® hoi h,M ”11, Ihe 

^ , junction, and .ts rate of change 

with temperature is called the thermo i , ■ 

thermo-electric power of the 
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given thermo-couple for that temperature. It changes with 
the temperature and is zero when the hot junction is at the 
neutral temperature, and after that its sign is reversed. 

Neutral Temperature For a given temperature of the 
cold junction, the thermo-electro-motive force increases with 
rise of the hot junction temperature. The rate of increase of 
e.m.f. decreases, and the e.m.f. becomes maximum at a 
temperature called the neutral temperature, .‘\fter that the 
magnitude of e.m.f. decreases. The neutral temperature of 
a thermo-couple is whatever be the temperature of its 

cold junction, and is a characteristic of the two metals used. 
When the temperature {temperature of inversion) of the hot 
junction is as much above the neutral temperature as that of 
its cold junction is below it, the e.m.f. is reduced to zero. 
Thus the neutral temperature of a thermo-couple is the 
arithmetic mean of the temperatures of its junctions when its 
e.m.f. is zero though its junctions are at different temperatures. 

Peltier Effect. U'hen current is made to pass through 
a thermo-couple, its one junction is cooled (heat absorbed) 
and the other is heated (heat evolved). Below the neutral 
temperature that junction which for this direction of the 
thermo-electric current (Seebeck effect) should be heated 
(heat supplied) is cooled, while the other which should be 
kept cold (heat removed) is heated. Therefore the energy 
of the current produced in a thermo-couple is due to a part 
of the heat energy absorbed. *- 

If the direction of current in the couple is reversed, 
opposite thermal effects are produced, that is, that junction 
which was cooled is now heated, while the other junction 
instead of being heated is cooled. This reversible thermal 
effect at the junction of two different conductors when 
current is passed through it is called Peltier Effect. The 
ends of the two metals at the junction are at different 
potentials, and heat is absorbed or evolved according as the 
current is passed from the lower potential metal to the 
higher potential metal or in the opposite direction. 

Thomson Effect. The value of the potential difference at 
the junction of two given metals at any temperature T 
(absolute) is called the Peltier coefficient at that temperature, 
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and is equal to T^— • If Hie hot junction of a thermo-couple 

is at the neutral tempernture, is equal to zero. I here is 

no potential difference between the two metals ; no heat 
energy is absorbed at this junction, but still heat energy is 
given out at the cold junction and energy is supplied to 
the thermo-electric current produced. Tlierefore heat must 
be absorbed at some other point or points in the thermo- 
couple. It may be absorbed from one or both tlie conductors, 
or absorbed from one and given out to the other, the 
amount of heat absorbed being greater than the amount of 
heat evolved. 


The junctions of the thermo-couple being at different 
temperatures, the temperature of e.ich conductor rises from 
its cold end towards its liot end, and, due to this change of 
temperature, its different points are at different potentials. 
In some metals potential increases with temperature, while in 
others opposite is the case, and when current passes 
through a conductor, heat is absorbed or given out according 
as the current flows from its lower potential end to its 
higher potential end or in the opposite direction. This 
reversible absorption or production of heat in an nnequally 
heated conductor due to flow of current in it is called 
Thomson effect, and if the potential difference SV between two 
points of a conductor at temperatures T and T + dT is equal 


to O’. (IT, O’: 


,W 

ST'' 


dV 

'dr 


is called Thomson coefficient. 


Problem. 


Here the thermoelectric powers ~ of iron and 

fiT 


copper are given in e. m. units with respect to a common 
metal, lead. 

Thermo-electric power of iron at 0°C = 1734 

„ „ „ „ 100°C= 1734-4-87X 100 


= 1247 

„ „ copper at 0'’C= 136 

” ” » » 100 C= 136 + 0-95X100 

= 231 
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^/E 

As at both the temperatures the value of for iron is greater 

than that of copper, they are on the same side {below) of 
the neutral tenjperature for a copper iron couple. According 
to the law of successive contacts, or intermediate metals, the 
thermo-electric power of iron with respect to copper is equal 
to 1734 - 136= 15<I8 and 1247- 231 = 1016 at 0°C and lOO’C 
respectively, and its value at the mean temperature 
^1598±I016^,3„^^ 


Thermo-electro-motive force= 1307 X 100 


= 130700 e. Ill- units, 


130700 

100 


= 1307 micro-volts. 


as for the two temperatures the same side of the neutral 
temperature, the c,iii /. is equal to the product of the 
difference of temperatures and the thermo-electric power at 
the mean temperature, and 1 micro-volt= 100 e m. units. 

dE 

Q, 189. Prove the relation P = T where P is the 

Peltier coefficient at a metallic junction, T the absolute 
temperature of the junction, and E is the total thermo 
E. M. F. in the circuit. {Punjab, 1935) 


Ans. Peltier Coefficient. Let the junctions, D and F, 
of a thermo-couple of metals A and B of Thomson coefficients 
and O',, respectively be kept at temperatures T and T + rfT, 


and the Peltier coefficients be 
ponding junctions, A being 
positive with respect to B 
(Fig. 141). When a current lie 
passes for time t round the 
circuit from A to B at the cold 
junction and from B to A at 
the hot junction, the amount 


P and P + rfP at the corres- 

A 



of electricity' carried is equal t-- 

to SC.f. At F it is pushed against a potential difference P+ (fP, 
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and the amount of heal energy absorbed is equal to 
{P + <?P) f)C/. Due to Thomson elTect the potential of end 
F of A is higher than that of end D, by ”’a. d1 , and heat 
energy given out is equal to dT, oC. /. At D current 
falls through a potential P giving out heat energy PeC.t, 
while from D to F along the metal B, heal energy absorbed 
in going from lower potential end to the higher potential end 
is equal to dT fiC. 1. 

Heat energy converted into electrical energy 

= (P + rfP-eA.rfT-P + «n.<7T)6C./. 

= IrfP+K-'jJ f/T-SC./. 

ll i/E IS the c. III. f. of the circuit. 

oZ.i.dP = : rfP +(<J,. - o,)dT : 6C.I. 
or r/E = rfP + K-(T,,)rfT , . . (l) 

Peltier and 'I'liomson efl'ects are proportional to current and 
are reversible. Joule heating effect is irreversible, but as it 
IS proportional to the square of current, it is negligible as 
compared with the first two effects when the current is 
very small. As the process in the thermo-electric couple is 
reversible, according to thermo-dynamics the ratio of heat 
energy converted into work to the total amount of heat 
energy absorbed is equal to the ratio of the difference of the 
temperatures of the source and sink to the temperature of the 
source. 

^ jdP + dT)6 C.l 

T + dT' (P+dP)3C.r 

=, <^P + (gE-°A) dT 
~P + dP 
dE 

~pTdP [from (1) 

or dT ^dE 

T ~~P 

,• p __ rpdE 

dT 


( 2 ) 
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Q. 190. Describe the construction and use of a 
thermo-couple for the measurement of temperatures. 

A thermo-couple is made of iron and constantan 
wires. Find the e.m.f. developed per °C difference 
of temperature between the two junctions, given that 
the thermc-e.m.f’s. of iron and constantan against 
platinum are respectively + 1600 and — 3440 micro- 
volts per 100°C difference of temperature. 

What do the opposite signs in the above indicate ? 

{Punjab, 1931) 

Alls. Thermo- couple. A thermo-couple. consists of two 
different metals or alloys, whose choice depends on the range 
of temperature to be measured. Antimony-bismith couple 
is used for ordinary temperatures (0° — 100°C), as it is very 
sensitive. Iron-copper couples are used upto 300°C, iron- 
nickel couples upto 600'’C, and platinum — platinum-rhodium 
couples are used for higher temperatures, but e.iu f, developed 
is very small. 

The hot junction is welded electrically or in an o.\y-hydrogen 
flame. The wires near the hot junction are insulated by 
capillaries of fireclay, threaded through mica discs, and 
placed in a protecting tube of quartz or porcelain. The cold 
junction is placed in ice and is thus kept at a constant 
temperature. 

For accurately measuring e.m.f. produced, it is balanced 
against the fall of potential in a part of the wire AB carrying 
current (Fig. 142). A cell C of constant e.m.f. is connected 



Fig. 142. 

with resistances Ri and Ro and wire AB placed in series. 
The resistance of wire AB is very small as compared with 
that of the rest of the circuit as the thermo-electromotive force to 
be measured is very small. A standard cell S.C. is balanced 
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against tbe fail of potential in Ri by adiusting resvstance Pj. 
Wire AB is calibrated and its resistance for any length is 
known. The two junctions of the thermo couple are kept at 
constant temperatures Tj and Ta and its free ends are connect- 
ed to the wire AB through a galvanometer G. By adjusting 
the position of the jockey the balance point F is found. If 
the resistance of AF is equal to R, 

Thermo e tn.f. _ ^ 

e.ui.f. of S. C. Ri 

Knowing the relation between temperature T and electro- 
motive force E produced, such as, E = nT-b6T', the value 
of T is calculated. To avoid ambiguity a thermo-couple is 
used for temperatures heloxv its neutral temperature. 

Problem. If the junctions of an iron-platinum couple are 
maintained at a difference of temperature of 1°C, the thermo- 
electromotive force produced is equal to 16 micro-volts, the 
thermo current flowing front iron to plotinniii at the cold 
end, while for a constantan-platinum couple e.nt.f. produced 
for the same temperatures of the junction, is equal to 34 
micro-volts and the current flows front platinnni to 
consicintan at the cold end. Therefore, according to the law 
of intermediate metals, the thermo-electromotive force produced 
in an iron-constantan couple is equal to 16 —( — 34) = 50 
micro-volts for 1°C dilTerence of temperature, and the current 
flows /row iron to coitstaitlait at the cold jiittcfiott. 

Q. 191. State tbe laws of electromagnetic induction, 
and explain bow Lenz’s law follows from tbe law of 
conservation of energy. 

Ans. Laws of Electromagnetic Induction ; 

(1) When the magnetic flux through a circuit changes, 
induced e.nt.f. is produced in it, and lasts only as long as 
the change in the flux through the circuit continues. 

(2) The induced e.nt.f. is proportional to the rate of change 
of flux. 

(3) The direction of the induced current is such that it (its 
magnetic field) tends to oppose the change or motion that 
produces it. 

^ The third law is called Lenz’s Law. When a magnet, with 
Its north pole downward, is lowered towards a closed coil, 
the direction of the induced current is such that the upper 
tace of the coil becomes a north pole, and tends to oppose the 
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motion of the magnet. Therefore, in lowering the magnet, 
worlc is done against the magnetic repulsion, and this work 
^-is converted into the electrical energy of the induced current 
in the coil. Thus Lenz's Law accounts for the energy of the 
induced current in the coil. 

If the induced current rvere produced in the opposite direc- 
tion, the upper face of the coil would have become a south 
pole ; it would have attracted the north pole of the magnet, 
and accelerated its motion downward. The downward motion 
of the magnet would have increased the induced current further 
and added to its energy without the expenditure of work, which 
is contrary to the law of conservation of energy. 

When the magnet is withdrawn, the direction of the induced 
current is reversed ; the upper face of the coil becomes a 
south pole, and attracts the receding north pole of the magnet. 
Work is done in moving the magnet against this attraction, 
over and above that done in overcoming the force of gravity, 
and is converted into the electrical energy of the induced current. 
The same argument applies to the case when the change cf 
flux is due to a change of current in a neighbouring circuit. 

Q. 192. A square conducting frame with free ends is 
rotated in the earth’s field about a vertical axis. 
Describe the variation in c.m.f. between its ends 
during one complete revolution. 

Calculate the maximum e.m.f. when the frame 
is making 120 revolutions per minute, the side of the 
square being 25 cm., and the intensity of Earth’s field 
0‘33 gauss. {Puniab, 1929) 

Alls. Rotating Frame. As the frame is rotated about a 
xicriical axis, induced e.m.f. in it is caused by the change of 
flux due to the horizontal component 
H only of the intensity of the earth’s mag- 
netic field and not the vertical component. 

In Fig- 143, in the position BD the plane 
^faf the frame of area A is perpendicular 
to the horizontal component of the 
intensity of the earth’s magnetic field, and 
total flux through it is equal to AH. 

When it is rotated and is inclined at Q to 
its former position, its area perpendicular 
to H is A cos 0, or the component of H 
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perpendicular to its face is H cos 0, so that the magnetic flux 
F in it is given by 

F=AHcos0 


[Here the frame has only one turn. If it should have S 
turns, F=SAHcos0.] 

By differentiating F with respect to time t, the value of the 
instantaneous induced electromotive force E is obtained, and 
is given by 

_ dF d(AH cos e) 

’^=' 17 = It 


== AH sin 6. 


dt 


= API sin 0. 0 ) (l ) 

where w is the angular velocity of the frame. It is equal to 
2-n, and 9 is equal tO(o/=25rn/ if n is the number of rotations 
made by the frame at a uniform speed in a unit time, so that 

E= AH2-«sin (2:r/;/) .... (2) 


As 0 ) is constant, equation (l) shows that the induced 
varies as the sine of 9. When 9 is equal to 0^ the induced 
e.nuf. is also zero, because then the sides of the frame move 
parallel to H and there is no change of flux. With increase 
in 9, the rate of change of flux increases and is maximum when 
9 is equal to -/2 radian. In this position the frame moves 
perpendicular to H, and the induced e.in.f. is equal to AHco 
(maximum). 

On further increasing 9, the inclination of the frame to H 
decreases and the induced e.ni f. diminishes. It becomes 
zero when 9 is equal to for then the frame moves parallel 
to H. For the next half rotation the induced e.in.f. is in 
the opposite direction. It increases from 0 to its maximum 
value AHo) for change of 9 from - to 3rr/2, and then decreases 
to zero as the angle changes from drrlZ to 2~. These changes 
are then repeated over and over again. Thus an alternating, 
e.ni.f. of maximum value AHw and period of variation of Zir/w' 
is produced. 

Problem. Face area of the frame = 25 X 25 sq. cms. 

Value of H = 0'33 gauss. 

, , , 277X120 

Angular velocity = 4:7 radians/sec. 
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IMaxinium induced = 625 X 0'33 X 4 X 3’ 142 

= 2592 e.m. units. 

= 2’592X10-= volts. 

Q. 193. What is an earth inductor? Explain how 
it can be employed for the determination of the total 
intensity of the earth’s magnetic field. 

[Calcutta, 1935) 


Alts. Earth Inductor. It is a coil of It turns of insulated 
wire wound over a circular frame of face area A, and capable 
of rotation about an axis along its diameter. The position 
of the frame and the axis of rotation can be adjusted, and 
thus the coil can be rotated in any way required. The ends 
of the coil are connected to the two segments of a commutator, 
and a loxc resistance ballistic galvanometer is connected to 
two brushes pressing on the commutator segments. 


If the coil is held perpendicular to a magnetic field of 
intensity F, the total flux N associated with it is equal to 
( »AF. On rotating the coil rapidly, about an axis perpendicular 
to the magnetic field, through ISO®, the flux through it is 
reversed and the change of flux is equal to 2nAF. 

Induced can.f. 


current C = 


dt 

-dN 


R-dt 

W’here R is the resistance of the circuit 
and galvanometer. 


consisting of the coil 


Induced charge 




C . dt 


No 


-dN 


.dt 


J* Rdt 

N, 

change of flux 
R 

2»AF 

R 


( 1 ) 
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2itAF 

’• R 




RKg 

2iiA 


. ( 2 ) 


where 0 is the first corrected deflection of the galvanometer, 


and K is a constant of the galvanometer. 

Determination of the Intensity of Earth s Field. 
The coil is placed perpendicular to the magnetic ^ meridian, 
so that the horizontal component H of the earth’s field is 
perpendicular to its plane, and is rotated rapidly through 180 , 
about a verttcfrl axis to the other (vertical) component. 

If 01 is the deflection, 


H = 


RK01 

2//A 


. (3) 


In this process no change of flux is due to the vertical com- 
ponent V of the earth’s field. 


Then the coil is placed in a horizontal position, with its . 
axis of rotation in the magnetic meridian, so that on rotating "s 
it the change of flux in it is due to the vertical component 
only and not the horizontal component. If on rotating the 
coil rapidly through 180^, the galvanometer deflection is 
equal to 02 , 


RK0^ 

2nh 


Intensity of earth’s field + 


RK 

2«A 




(4) 

(5) 


Q. 194. What is meant b 5 ' the co-efficient of self- 
induction of a circuit? Define the absolute and the 
practical units in which it is measured. 

Calculate approximately the co-efficient of self- 
induction of a coil of TOOO turns of wire wound on an 
iron ring of 20 cm. mean diameter and 2 sq. cm. 
cross-section, the permeability of iron being 500, 

{Punjab, 1925) 

Ans. Co-efficient of Self-Induction. When current C 
passes through a circuit, the magnetic flux F associated with it 
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due to this current depends on the circuit and the strength of 
current. 

F C 

or F = LC, (1) 

where L is a constant for the given circuit. It is called its 
co-efficient of self-induction, and is equal to the flux due to a 
unit current. The practical unit of self-inductance is one 
henry and is equal to 10^ e. m. units. 


If the current in the circuit changes, its flux varies. 
Due to this change induced e.iit.f. is set up in the circuit, and 
is proportional to the rate of change of flux. 


Induced c.iii.f. 


dt 


= ~ L 


dc 

dt 


( 2 ) 


Thus the induced ejii.f. is proportional to the rate of change 
7 of current and depends on the circuit. The co efficient of 
self-induction is one e. ni. unit if the induced e./n /. is one 
e. m. unit when the rate of change of current is one e. m. unit 
per second. It is one henry if the rate of change of current at 
1 ampere per second induces an e.nt.f. of one volt. 


As the induced electromotive force c is opposite to the 
applied e.ni /. sending current in the circuit, work has to be 
done in overcoming this opposition, and thus energy is stored 
up in the magnetic field of the circuit. For establishing a 
current of C units, amount of work to be done is iLC“. 
Thus self-induction of a circuit corresponds to the inertia 
of a material body, and it tends to diminish the rate of increase 
or decrease of current in it. It does not allow current to grow to 
its maximum value at once nor does it allow it to stop abruptly. 
When the applied e.ni.f. is stopped, this latent energy of 
the magnetic field of the circuit is set free, and does not 
allow the current to decay suddenly. The co-efficient of 
self-induction is one e. m. unit if the amount of work done in 
establishing a current of 1 e. m. unit is erg, and it is 
equal to 1 henry if for establishing current of one ampere 
strength amount of work to be done is I Joule, 
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Problem. The magnetic field in the coil may he assumed 
to be uniform and of strengili 4;7/;C, wliere « is tlie number of 
turns per unit length and C is the current, 

■ Mean diameter = 20 cm. 

Circumference = r X 20 cm. 

Total No. of turns = 1000 

Intensity of magnetic field due to C c.ui. units of current 

4-xionoxc 

= = 200C gauss, 

- X 20 

Permeability = 500 
Cross-section area =2 sq. cm. 

Flux for each turn =500X2X200C c g-s. units. 

„ „ 1000 turns = 1000 X 200000C „ 

But Total dux of the coil = LC i ,, 

LC =2X 10® XC 

and L=2X 10® e.ni, units, 

= 0’2 henry. 

' Q. 195. What do you mean by the co-efficients of 
self and mutual induction ? 

Two coils, a primary of 400 turns and a secondary 
of 20 turms, are wound on an iron ring of mean 
diameter 20 cm. and cross-section 2 cm. radius. 
Find their mutual inductance if /x = 800. 

{Punjab, 1939) 

A ns. Co-efficient of Self-Induction. See Q. 194. 

Co efficient of Mutual Induction. When a current C 
passes through a circuit (primary'), its magnetic field is 
produced. The flux F in a neighbouring circuit (secondary) 
depends on the tzoo circuits and their relative position, and is 
proportional to current C. 

FocC 

or F = MC (1) 

where M is called the co-efficient of mutual induction of the 
two circuits, and is equal to the flux in the secondary when 
a unit current flows in the primary. 
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When current varies in the primary, induced electromotive 
force e is produced in the secondary and is equal to the rate 
of change of flux in it. 

r/(MC) 

^ dt dt 


= -M 


dt 


( 2 ) 


If the current in the primary changes at the rate of .1 unit ■ 
per unit time, the co-efficient of mutual induction is equal to 
the c.ui.f. induced in the secondary. 


Problem. As the secondary coil is wound over the primary 
coil, the whole of the magnetic field of the primary is associated 
with the secondary. 

Mean diameter of the ring =20 cm. 

Circumference „ „ „ = - X 20 cm. 


No. of turns of the primary =400 

Intensity of magnetic field due to C e,in. units of current 


4rX-I 00XC 

-X20 


= 80C gauss. 


Permeability = 800 

Cross-section area of the primary coil —ttXZ' sq. cm. 

Flux for each turn of the secondary = 800 X 3'142 X 4 X 80C 

e.g.s. units. 

„ „ 20turns,, „ „ = 800 x 3T42 X 4 X 80C X 20 

= 16090000C e.g.s. units. 

But Total flux of the secondary =MC „ „ 

MC = 16090000C 

or M= 16090000 e.m. units = 1‘609X 10~^ henry. 


Q. 196. Find tire change of current at {a) make, and 
(6) break in a circuit containing resistance and induc- 
tance, and explain the meaning of its time constant. 

Ans. {a) Growth of current. Let R and L be the 
resistance and inductance respectively of the circuit, E the 
applied e.m.f., and C the current at any instant before the 
current reaches its final steady value. As the current is 
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changing, induced electromotive force is produced and 

it is opposite to the applied e.m.f. Therefore the effective 
e.m.f. IS equal to and according to Ohm’s Law 


this is equal to CR. 


dt 


T dC 

e-l-=cr 


( 1 ) 


or 


or 


E-CR= L' 


dC 

dt 


dC 


e-cr' 


dt 

'l 




’ 

L 


i 

<"-«>]! = [rj: 


e-cr 



/ R« 

CR = E( l-e“L j 


and 




L 


( 2 ) 


Here is ,h= fi„ai steady value of the current The 

result shows that the greater flip J a . ’ ^ 

resistance of the circuit, the sma"fer''?Th 

current, and vice versa. of growth of 

3r.S„fyS„7el 


T dC 
-L— -CR. 


( 3 ) 
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or 


C 


Rf/f 

TT 

i 


Co o 


Rdf 
L ’ 


where Co^ — ^j is the steady value of current at the time of 
breaking the circuit. 


log, 


lJo 


, c _~Rt 

C = C„e'^ (4) 

Tinre Constant. In this case also the greater the inductance 
and the smaller the resistance, the smaller is the rate of change 

of the current, and vice versa. The ratio ^ is a characteristic of 

the circuit and indicates how the current changes. If f is 

equal to — > equations (2) and (4) become 

-l(-D 

Co 


and 


C = - 


respectively. In the first case the initial value of current is 

zero, and the change of current is equal to p ^ 

case of decay of current, the initial value of the current is Co, 

Co 

Change of current=Co 




Thus in both the cases the rate of change of current is the 
same, and fiDic constant is the interval in which the current 
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decays to - of its original steady value at break, or at make 
e 

rises to steady value, or both at make and 

break changes tiy ( steady value. 

Q. 197. Describe the construction and explain the 
working of an induction coil fitted with a condenser. 

Ans. Induction Coil. In an induction coil there is a 
primary coil, PP, (Fig. 144) of a 
small number of turns of thick insu- 
lated copper wire, wound over a soft 
iron core C, made of a number of 
insulated soft iron wires, and siir- 
routiding the primary coil is a 
secondary coil, SS, of a very large 
number of turns of very thin insulated copper wire. One end 
of the primary coil is pined to a pole of battery B, while the 
other end is connected to an elastic stand carrying a soft iron 
hammer, H, facing the iron core. The other pole of the 
battery is connected to a stand carrying a screw, K. 

When screw K is moved forward and its tip is brought in 
contact with the hammer stand, current flows in the primary 
coil in the direction shown. This magnetises the iron core, 
and as the number of magnetic lines of force through the 
secondary coil increases, an induced e.in.f. is produced in it — 
the direction of the induced e.ni.f. being opposite to that of 
the current in the primary coil. The hammer, being attracted 
towards the magnetised iron core, bends forward, and breaks 
contact with the screw. The primary circuit is broken, the iron 
core is demagnetised, number of magnetic lines of force through 
the secondary coil decreases, and an induced e.m.f., ia the same 
direction as the primary current, is set up in the secondary coil. 
Thus induced e.m./. is set up in the secondary coil, at make 
in one direction and at break in the opposite direction, and as 
the number of turns of wire in the secondary coil is very large, 
the induced e.iii.f. is very high. 

The iron core being demagnetised, the hammer springs back 
and touches the screw, and then the above process is repeated. 



Fig. 144, 
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Thus the function of the automatic break is to break and make 
the primary circuit qtiichly. The iron core, due to its very 
high permeability, increases enormously the number of lines of 
force threading the secondary coil and also helps in breaking 
the primary circuit. 


Owing to the high resistance of the air gap, produced 
between H and K, the resistance of the primary circuit at 
break is much greater than that at make. The time constant 



of the primary at break is very large as compared with its 


value at make, so that the rate of fall of the primary current 
at break is much greater than that of the rise of current at 
make, and, therefore, induced e.m.f- at break is much greater 
than that at make. 


But at make and break the number of lines of force through 
the primary coil also changes, and an induced current is pro- 
duced in it due to its self-induction. At make this induced 
current is opposite to the primary current, and retards the 
rate of rise of the current ; at break it is in the same direction 
as the primary circuit current, and decreases the rate of fall 
of the current. Therefore the induced e.m.f. both at make 
and break is decreased. The fall of current is very quick, and, 
therefore, the induced current at break — called extra current — 
is very strong (may be even stronger than the primary current), 
and produces a spark in the air gap between H and K, This 
spark not only prolongs the fall of the current — for the spark 
continues the current — but also burns the platinum tip of the 
screw. 


To avoid this, a condenser MN is connected across the air 
gap between H and K. At break the induced current — in the 
same direction as the primary current — charges the condenser, 
and its plates N and M are charged positively and negatively 
respectively, but owing to its large capacity its potential difference 
does not become sufficiently high to pass a spark across the gap. 
Soon the condenser discharges, producing current in the direction 
NBPPM, opposite to that of the extra current, and quickly 
neutralizes the direct current, and, therefore, increases the 
induced c.in.f. at break. The condenser current, being stronger 
than the primary current, not only demagnetises the iron core 
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but even magnetises it in the opposite direction, so that at the 
next make the primary current will have first to demagnetise 
the core and then to magnetise it. Therefore, by using a 
condenser, the fall of current at break is made very sudden 
and its rise at make is prolonged, that is, induced c.in.f. at 
break is far greater than that at make, and the induced current 
in the secondary is almost unidirectional. 

Q. 198. Describe the construction and explain the 
action of a D. C. dynamo, and discuss the special 
features of series, shunt, and compound wound 
machines. 


Alls. Direct Current Dynamo, A rectangular conducting 
coil ABDE (Fig. 145), called armature coil and mounted 
on an iron core, is revolved betweeen the poles N, S of the 
field magnet, and about a horizontal axis 
passing mid-way between AB and DE. 
In the position shown, arm AB is being 
moved upward, while arm DH is going 
downward. The coil cuts magnetic lines 
of force, running from left to right, and 
due to charge of flux, induced e. ;/?./. is 
produced in it. See Q. 192 for the change 
Fig. 145. in the induced e.m.f. By applying Flem- 

ing’s right-hand rule, the direction of the induced current is 
found, as shown in the figure. 

The direction of the induced current may also be found by 
applying Lenz’s law. The upper face of the coil is being 
rotated towards the south pole of the field magnet, and the 
direction of the induced current should be such that it opposes 
this rotation. Hence the upper face becomes south pole, and 
the direction of the induced current in it is clockwise. 
Similarly, the lower face of the coil becomes north pole, as it 
is being made to set opposite the north pole of the field 
magnet, and the direction of the induced current, looked at 
from below, is an/f-clockwise. 



The ends of the coil are mounted with two halves, C and C', 
of a conducting cylinder, insulated from each other, and called 
commutator. The external circuit ends in two brushes, H 
and F, which are pressing against C and C' respectively. Current 
enters the external circuit at the brush F and leaves it by the 
other brush H. 
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After the coil becomes vertical, AB begins to descend and 
DE begins to ascend, and the direction of the induced current 
in it is reversed, that is, current flows from E to D and from 
B to A. At the same time C comes in contact with F and 
C' xoilh H, so that the current again enters the external 
circuit through the brush Fand leaves it by the other brush H, 
and thus the direction of the current in the external circuit 
remains the same as before. 

With a single coil induced c.mf. and current vary in 
strength, being maximum when the coil is passing through its 
horizontal position and zero when it is vertical. To make the 
induced e.m.f. strong and of uniform strength, a large number 
of coils, suitably placed with respect to one another and con- 
nected to a commutator with many segments, are used. 

Field Magnet. The field magnet is usually an electro- 
magnet, and a part or whole of the rectified current generated 
by the dynamo is used for exciting it. At the start there is 
enough residual magnetism in it to produce a small electro- 
motive force. This increases the strength of the field, which 
in turn gives rise to stronger induced e.m.f., and this mutual 
strengthening goes on until a steady state is reached. 

Series Wound Dynamo. Here the windings of the field 
magnet are of few turns of ihicJz wire, and are connected in 
series with the armature and the external circuit, joined 
with A and B, so that the xvhole of the current excites the 
field magnet Fig. 146 {a). When the load increases, the 
resistance of the external circuit decreases and the current 




Fig. 14C. 

increases. The strength of the fieldmagnet increases, and,there- 
fore, greater e.m.f. is induced. Similarly, when the load decrea- 
ses, external resistance increases and current diminishes. This 
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decreases the strength of the field magnet, and the induced 
e.iii.f. decreases. Thus the induced e.ni.f. changes with the 
load and the machine does not supply a constant potential 
difference. Hence series winding is not suitable. 

Shunt Wound Dynamo. In this case the field magnet 
coil consists of a very /trrge number of turns of yznc wire of high 
resistance and is connected w'ith the brushes in parallel with 
the external circuit, so that the potential difference for the 
field coil and the external circuit is the same (Fig. 146 b). 
When the resistance of the external circuit decreases, it 
takes more current; the current in the field coil decreases, and 
the potential difference at the brushes diminishes. If the 
external circuit resistance increases, current in it decreases, 
that in the field coil increases, and the potential difference at 
the brushes rises. 

This arrangement also does not supply current at constant 
potential, but the changes are opposite to those in the case of 
a series w’ound machine and are smaller in magnitude. It is 
used when there is no sudden change in load, and is particularly 
suitable for charging accumulators. At the start the cells 
send current in the field coil in the right direction to supply 
the magnetic field. As their charging proceeds, their e. m.f. 
increases, and more current is passed in the field coil, which 
gives rise to greater e.ni.f. of the machine. 

Compound Wound Dynamo. To make the potential 
difference supplied by the machine independent of the external 
load compound (both series and shunt) winding is used. The 
series coil has small resistance and is made of thick wire, 
whereas the shunt coil has high resistance and is made of fine 
wire. Their resistance and number are suitably adjusted, so 
that W’ith change of load the change of e.in.f. due to one coil 
is compensated by the opposite change due to the other coil. 
Usually a field regulating resistance is placed in the shunt 
coil to keep the potential difference constant. 

Q. 199. Describe in an elementary way tbe physical 
principles on which the working of an ordinary electric 
motor is based. {Calcutta, 1931) 

Alls. Electric Motor. When a conductor carrying current 
is placed perpendicular to a magnetic field, it experiences a 
mechanical force, which is equal to the product of the length 
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of the conductor, strength of the current, and the intensity of 
tlic magnetic field, and is perpendicular both to the conductor, 
and the field. Tliis principle is used in the construction of 
an electric motor. 

Armature cod ABDJi (Rig. 145', with commutator segments 
C, C fixcil at its ends, and capable of rotating about a horizontal 
axis’prissing mid- way between Al> and DE, is placed between 
the poles N, S of the field magnet, which is usually an electro- 
magnet. Brushes, II and F, connected with the poles of a 
battery or to electric mains, press against C and C' respectively. 
When current is pa'^sed in the coil in the direction shown, it 
begins to revolve, .AB moving doxvnwards and DE upwards 
(left-hand rule), for the upper face of the coil (curren^kclockwise) 
becomes south pole and the lower face north pole, and the 
coil rotates so as to have its north and south poles opposite to 
the south and north poles of the field magnet respectively. 
When the coil becomes vertical, the mechanical force on AB 
is vertically downwards, while that on ED is upwards, and 
these forces do not help to rotate the coil any further. But 
owing to its inertia, the coil rotates on, and just then the 
commutator segments exchange contact with the brushes, F 
comes into contact with C and H with C' ; direction of current 
in the coil is reversed, and so is the direction of motion of the 
arms AB and DE, that is, AB begins to ascend and DE to 
descend and, therefore, the coil keeps rotating in the same 
direction as before. For continuous rotation, current in the 
coil is reversed twice in each rotation. 

In such a simple motor, the turning effect of the force is 
greatest when the coil is horizontal, and almost nothing when 
it is vertical ; therefore the speed of this motor will not remain 
the same. In order to increase the speed and keep it uniform, 
a large number of coils, each of many turns, placed suitably 
with respect to one another and mounted on an iron core, are 
used along with a commutator of many segments. 

As the armature revolves, magnetic flux passing through it 
changes and e.ni.f. is induced in it in a direction opposite to 
the direction of the current in it. If V is the applied potential 
difference, E the induced e.m.J., and R the resistance of the 

V-E 

armature, current in it is equal to ■ At the start the 
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driving torque exerted by the motor is greater than the load 
torque. This accelerates the motor, the rate of change of 
flux and the induced e.m.f, increase, and current decreases 
until the driving torque, which is proportional to the armature 
current and the strength of the magnetic field, becomes equal 
to the load torque. 

The electric motor is self-adjusting. When the load 
increases, its speed diminishes, the induced e.iii.f- falls, and 
armature current increases to make the driving torque equal to 
the loading torque. Similarly when the load decreases, its speed 
and induced e.m.f. increase and armature current and driving 
torque decrease until equilibrium is attained. 

Q. 200. What is meant by ‘ hysteresis ’ and by a 
cycle of magnetisation ? Draw the hysteresis curves 
for (a) soft iron, and (6) steel. 

Prove tlaat tlie area otthre H-B curve denotes 4'5v tirnes 
the energy dissipated per c.c. of the magnetic substance 
during each cycle of magnetisation. [Calcutta, 1933) 

Alls. Hysteresis and Cycle of Magnetisation. A 
piece of iron is magnetised by placing it in a solenoid in 
which current is passed. Its intensity of magnetisation I is 
measured, and by changing the strength of current a curve is 
drawn between the magnetising field H and I (Fig. 147). 
First H is increased until saturation condition is obtained and 
there is no further increase in I. This change is indicated by 
OADE. On decreasing H, the old curve is not retraced but 
a nexo curve EF is obtained, showing that the value of I 
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during the decrease of H is Rreater than during its increase. 
When II is reduced to zero, there is a good deal of 
residual ma}>iictism left, and this releiiltvily of the material 
is measured by OF. 

On reversing the current and increasing the value of FI in 
the opposite direction, I decreases along FG. At G the whole 
of the residual magnetism is removed, and the value of OG 
is a measure of the cocrcivity of the material. The increase 
of current is continued to its former maximum value in this 
direction to obtain the curve GL. The current is decreased to 
zero; it is reversed, and increased to its former value, arid 
during this process tlie curve obtained is LMNE. This change 
of magnetisation from its maximum value in one direction to 
its maximum value in the opposite direction and back to its 
maximum value in the first direction is called one cycle of 
mnunetisnlion. Then On repeating this process, curve EFGLMN 
is obtained over and over again. 

This curve shows that the magnetic condition of iron tends 
to persist, or opposes any change. I'or the same value of Id, , I 
has two different values, one when H is increasing and the 
other when II is decreasing. If I has the same direction in 
the two cases, it is greater when H is decreasing than when it 
is increasing. This /aggmg of magnetisation behind the 
magnetising force is called hysteresis. The B-FI curves are 
similar to ^the I-H curves, but at the saturation "stage 
increase in B does not stop and is equal to the increase in H. 
Thus this part of the B-II curves, unlike the I-H curves, 
slopes upward and is not parallel to the Fl-axis, ' 

Soft iron and Steel. Fig. 147 (a) is the , H-I curve for 
soft iron while that for steel is shown in Fig. 147 {b) on the 
same scale. The two are similar in shape but the hysteresis 
loop of steel differs from that of soft iron in some respects. 
In the case of steel the saturation value jof I and residual 
magnetism are lower, but the coercive force is greater, than 
for soft iron, and the area of the hysteresis loop of steel is 
greater than that of soft iron, which means that the loss of 
energy per cycle per unit volume of steel is greater than . that 
of soft iron. ’ : i 

Dissipation of Energy. Suppose the molecular magnets, 
each of magnetic moment M, are inclined to' the magnetising 
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field H at an angle 6 radian. Their components Mcos0 along 
the magnetising field are in the same direction and their 
resultant is equal to SMcos0, while their components Msin9 
perpendicular to the magnetising field cancel out each other. 
Therefore, if we consider a unit volume of the material, 

I = :;iMcosfi, (1) 

as I, the intensity of magnetisation, is equal to the magnetic 
moment per unit volume. 

-3Msin0. (2) 

This shows that as 0 is decreased by d9, I increases by dl, 
and the rate of change of I with respect to 9 is proportional to 
sint). But the restoring couple acting on a magnet of moment 
and placed at 0 to a magnetic field of strength H is equal 
to MHsin0, and work d\V done on it in increasing the angle 
by d9 is equal to MHsin0.J0, while that done on it in 
decieasing it by d9 is equal to — MH s\n9.d9. Therefore in 
the case of a unit volume of the material in decreasing the 
angle of inclination of the molecular magnets by d9, and 
thereby increasing its intensity of magnetisation by dl, 
dW=-2MHsin0. d9 

= H.rfl (3) 

In Fig. 147 [a], if OP.= I, PQ= H, and PS = cfI, H.dl is given 
by the area PQRS. Draw EY and LZ perpendiculars on YOZ. 
Therefore in one cycle work done on a unit volume of the 
material is given by the area 'NEYFGLZ'M, while that done 
by the material (energy returned by it) is represented by the 
sum of the areas FEY and LZItl, so that the net amount of 
work done on the material, or the energy dissipated and not 
returned, is given by the area of the H-I loop. 

But B = H + 4:rl 

and rfB = rfH + 47rdI 

or I'l-IdB^ |’H.4-rfI 

= 4- I H-rfl 

as H-dll (area of H-H loop) is equal to zero. Thus the 
area of the II-B loop is 4- times the area of the H-1 loop. 
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and, therefore, llic amount of energy dissipated per unit volume 
per cycle is c(iual to the area of the H-B loop divided by Arr. 

Second Method. The energy of a unit volume of magnetic 
field of flux density 13 in a medium of permeability /t is equal 

to If the flux density is increased by a very sin (ill 

/t.'i- 

amount oD, tlie new value of this energy is equal to ~ , 

(loTT 

, , , (B + fiB)' B- 

and Increase of energy = r— 

iui>~ ii.OTr 


as i3B' is negligible and B = /iI-I. Here H. SB is equal to the 
area lying between the H-B hysteresis curve, axis of B, and 
the abscissae at 13 and B + SB. Reasoning as before the 
value of M SB for one cycle is equal to the aiea of the H-B 
hysteresis loop, and the loss of energy per unit volume per 
cycle is equal to the area of this loop divided by 47r. 

Q. 201. Define magnetic permeability and Suscepti- 
bility. How are the two related ? 

Describe an experimental method of getting the 
hysteresis curve for iron and steel. 

Point out briefly the importance of these curves in 
the construction of dynamos. {Punjab, 1936) 

A ns. Susceptibility and Permeability. When an iron 
rod is placed in a magnetic field with its axis parallel to the 
field, it becomes magnetised, and the magnetic field in it is 
due to the magnetising force H as well as the magnetism 
induced in it. If the intensity of magnetisation produced is I, 
the total number of tubes of force per unit area taken perpen- 
dicular to them is called induction or flux density B, and is 


given by 


B-H-bdTTl, 


(1) 


as 4- tubes of force are given out from a unit pole. 
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Dividing (l) throughout by H, 


or 


H 


= 1 + 4 ^ 


H 


/t — 1 + 4i7K, 


(2) 


where ix and k are equal to B/H and 1/H respectively. Thus 
the permeability fi of a magnetic substance is equal to the 
total magaetic induction produced in it divided by the 
magnetising force, while its susceptibility is equal to the ratio 
of the intensity of magnetisation produced to the magnetising 
force producing it. 


Magnetometer Method. A very long, thin rod, AB, of 
iron or steel of length I is placed vertically well within and along 
the axis of a solenoid, S, which is connected with another coil, 
C.C., a reversing key, R.K., galvanometer, G, battery, B, and a 
variable resistance, K (Fig. 148). The rod is placed to the 
east or west of a magnetometer needle >5, which is, in level 
with the upper end of the needle and the axis of the coil C.C. 


On passing current through the solenoid the rod is magnetised, 
and the magnetometer shows a deflection Q. If the intensity 
of magnetisation of the rod is I, and a its cross-section area, 
its pole strength is equal to \a. 



Intensity at N due to pole A=-^ along AN, ... (3) 

where AN is equal to d and the pole at A is supposed to be a 
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nortli pole. 1 he lower pole at B (south pole) produces 
intensity at N along NB and its effective horizontal 

component along X A is equal to nr ~i\ while the 

(ff +/ ) (rfM-/ )- 

vertical component perpendicular to NA is overcome by the 
suspension or pivot of the inaRnctomcter needle. 

■. iCcsullant intensity at N — ^ ,r7>Tn~ 

(/■ R/ +/■) ■ 

- I 'Tv+Tp' ) 

If /; is the horizontal component of the earth’s magnetic field, 

'"I I 

//tanOffV + 

' • • • • 


or 


■J'hc magnetising field II for the rod is equal to 4r/;C, where 
/; is the numher of turns of the solenoid per unit length and Cis 
the strength of current. The current is increased step by 
step to its ma.\imum value when the saturation condition of 
the magnetisation of the rod is reached. Then it is decreased 
to zero step by step : reversed and increased to its former 
ma.ximum value, again decreased to zero, reversed, and 
increased to its ma.ximum value. At each step the values of 
I and II are calculated and a curve is drawn, taking H as 
abscissa and I as ordinate. See Q. 200. Using equation (l), 
the value of B is calculated, and H~B curve is drawn. 


The deflection of the needle is not only due to the rod AB 
but the solenoid also. To overcome this difficulty, a compen- 
sating coil, C.C., is used. Its axis is in level with A and N, 
and before the rod is introduced its position is so adjusted that 
when current is passed through it and the solenoid, the 
magnetometer needle shows no deflection. 

The rod is also magnetised by the vertical component of the 
earth’s field. To eliminate its effect, another coil is wound 
over the solenoid and current is passed through it so that the 
magnetisation of the rod due to it is equal and opposite to that 
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due to the vertical component of the earth’s magnetic field. 
For this condition to be true, when no current is passed 
through the main solenoid and the rod is placed in it, current 
in the outer coil is adjusted until the magnetometer needle 
shows no deflection. 

Importance of the Hysteresis Curves. See Q. 200 and 
Fig. 61. "When a piece of iron is carried through a cycle of 
magnetisation, for every value H of the magnetising field, its 
intensity of magnetisation I has tzoo values, one when H is 
increasing and the other when H is decreasing. The amount 
of energy used in magnetising it is not completely returned 
when it is demagnetised, and the loss of energy for its unit 
volume for each cycle is represented by the area of its I — H 
curve. Owing to its rapid rotation, the iron core of a dynamo 
has to go through these magnetic changes very quickly, and a 
good deal of energy is lost which appears as heat. To decrease 
the loss, the core is made of annealed iron, as it has high 
permeability but low hysteresis loop. 

Q. 202. Obtain the relation between current and 
voltage, in an inductive circuit without capacity when 
connected to an harmonically alternating current 
supply. Also obtain an expression for the power 


developed in such a circuit. {Punjab, 1937) 

A ns- Relation between Current and Applied E.M.F. 
Let a current C given by 

0=- Cq sin 27r«/ (l) 


where Q is its maximum value and it its frequency, pass 
through a circuit containing resistance R and inductance L. 

f/C 

As the current is changing, at any time induced e.m.f, L — 

dt 

is produced and is opposite to the applied electromotive force 
E at that moment, so that the effective e.m.f. for overcoming 

resistance R is equal to E — L — • 

dt 

••• E-L^-CR 

at 

or E-CR + E^ . (2) 
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= 2r-;; Co cos 2-/;/ 
(1C . 


PuUiiiR the values of C and — in (2), we get 

R = RCq sin2-/;/ + L2r//Cocos2-/;/ 

= Co( Rsin 2-/; H- 2.~n Lcos2:r/; / ) 

- r *' i-iTz ( R- sin2^T/// 2r//L co^-nj \ 

= Co\' R'+ l^-n’E" icoS'l>. sin2-/;/ + sin</j cos2~nt), 

— Co v' R“+ sin(27r/// + </>) 

, , , 2r;/L . , 2r/;L 

wiicre (an(/.= — —< sin</. 




C0S(/) = 


R 




As tlic greatest value of sin(2r/// +</> ) is 1, maxmium value 
Eo of llic applied c.iii./. is equal to Co ^^R"+4;r^//^L‘, so that 

Eo 


Co — 


v'RHdTrVL^ 


(3) 


and E— Eq sin(2-/// + >/>) (4) 

Comparing this with (l), we find that the phase of the applied 
c.nt.f. is ahead of that of the current by angle r/), whose tangent 
T > 

is equal to ‘ lag of current behind the applied 

c.nt.f. is due to the production of the induced c.nt.f., which 
opposes the change of current and retards both its rise and fall. 
When the applied e.ittf. is maximum, current is still increasing 
and reaches its maximum value after some time. 


Putting in (1) the value of Co obtained in (3), we get 


Eq sin Ztrtil 


( 5 ) 
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Power. As both current and electromotive force vary in 
an alternating circuit, their product, that is, power, also 
changes, and at any time 
Instantaneous pov.er 

= Co sin2-/j; Eo sin(2-/// + «/.) 

_ j — 2-rttl — </>) — cos(2-;;/ + 2rr/// + <l>)} 

= ^^^!co 3'/. — cos('{r«/ + «/.} (b) 


The first factor cos </> remains the same throughout, but the 
second factor cos(-lTr/;/ + </>) changes with time, and in half a 


period, equal to ’ f47rii/+(;.) changes by 2r, so that the 

average value of its cosine is zero. Tims for any number of 
half periods, the average value of the second factor is zero, and 


.'. Mean power = 


CqEq 

2 


COS</j 


(7) 


This shows that the mean power developed in an alternating 
current circuit depends not only on the maximum strength of 
current and applied e.ui.f. but also on the phase angle <!> by 
which current lags behind the applied c.iii.f. For this reason 

is called poioer factor. 


cos 4> \ ~ 


R 




It is shown in Q. 203 that the R.M.S. (root mean square) 
values of current and e.iii.f. are equal to — = and — == respec- 

V 2 V 2 

tively. If they are denoted by C and E, 


Mean Power 


^ CqEq 

2 

_ 

V 2 


cos^ 

Eo 

• - • cosd) 

V 2 


== CE cos<l> (8) 

Q. 203. Distinguish between the mean value and the 
root mean square value of an alternating current, and 
find the relation between them. [Punjab, 1932) 
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Ans. Mean Value. The niagnilude and direction of 
alternating current change 
according to the sine law, and 
Its value C at any time i is 
given by 

C = Cosin2-«/. . (l) 
v.’hcTo Co is its maximum value 
and 11 is its frequency. This I'ig. M 9 . 

variation of current with time is shown in Fig. 149, where T is 
the time period of tlic current and is equal to l/». For half 
a period, from 0 to T;2 its 



1 (‘ 

Mean value = C.t/t 

* • 


7-2 



= (cosO— cosr) 


_2C„ 


(2) 


Root Mean Square Value. For the next or last half 
period its mean value is the same but in the opposite direction, 
so that for an integral number of full periods its mean value is 
zero. Therefore a measuring instrument, whose deflection is 
proportional to the current, does not indicate any deflection 
when alternating current is passed through it, as the period of 
the current is very small. Still its passage is accompanied by 
the consumption of electrical energy, which is proportional to 
the product of current and potential difference, or resistance 
and square of current, or square of potential difference and 
the reciprocal of resistance, and the square root of the 
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mean value of the square of current is called its root mean 
square (R.M.S-)) effective, or virtual value. It is equal to the 
value of direct current of constant magnitude which passing 
through a non-inductive resistance develops the same power 
as the given alternating current. 


In Fig. 149, the dotted curve shows the relation between the 
square of current C and time /. The mean value of the 
ordinates of this curve is the same for any integral number of 
half periods, and is given by 


Mean square value = 


2 

~T 



rn 


_2Co=' 

f ( 1 — cos(4-i/T) 1 

T 

J 1 2 ^ 

0 

11 


1 

. 'I' 

T 

2 

II 



2 


Root mean square value = — = 

V 2 


(3) 

(4) 


Dividing (2) by (4), we get 

Mean value _2Co^ 2 

Root mean square value tt Cq 


0'9001. 


Q. 204. Explain what is meant by {a) impedance, 
(6) reactance of a circuit, and (c) virtual voltage ? 
Why should alternating currents be used instead of 
direct currents for long-distance transmission? 

{Punjab, 1933) 

Alls, {a) Reactance. In an alternating current circuit; 
due to change of current, induced e.m.f. is produced and it 
opposes the applied e.m.f. The effective e.mf. is smaller 
than the applied e.mf., and the current produced is weaker 
than if the circuit has no inductance, or the resistance of the 
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circuit is greater than its value for direct current of fixed 
stronglh. The additional resistance is proportional to the 
inductance of the circuit and freciuency ii of tiie alternating 
current, and is equal to l-nl.. It is called the renctnnce of the 
circuit. 


ih) Impedance. Due to the induced c in f. produced, 
current in an alternating current circuit is not in phase with, but 
lags behind, the applied c.in.f., and the total resistance of the 
the circuit, called impedance, is equal to \ K"+4— where 
K is its ohmic resistance. If the maximum value of the 
applied e.iii,/. is E , the maximum strength of current is 


equal to 


Eo _ 


(c) Virtual Voltage. The magnitude and direction of an 
alternating c.m.f. change according to the sine law. Its 
average value for one period is zero, but some electrical energy 
is converted into some other form of energy. If the c. 

, is applied to a resistance, electrical energy converted into heat 
is proportional to the square of current or c.in.f., and the 
square root of the mean value of the square of the voltage for 
any integral number of half periods is called virtual or root mean 
square value of the voltage. It is equal to the value of a 
fi.xed voltage, applied to a non-inductive resistance, in which 
the transformation of energy is at the .^anie rate as with the 
alternating voltage. If Eo is the maximum value of the 

alternating e its virtual value is equal to 


Transmission of Electrical Energy. When electrical 
energy has to be transmitted to a distant place, the resistance 
of the line wires is appreciable, and a good deal of energy is 
dissipated in the form of heat, the rate of loss of energy being 
given by the product of the resistance and the square of the 
current. Moreover, there is sufficient fall of potential along 
the line— product of resistance and current — and, therefore, 
the voltage (f the current at the other station is much smaller 
than at the transmitting station. In order to decrease this 
loss, the line resistance may be decreased by using thick wires, 
but in that case the initial cost becomes high, due to the greater 
mass of the line wires used and the stronger poles required. 
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The electric power transmitted depends not only on the 
current but also on the potential dilTerence, and is equal to their 
product. Thus for transmitting electrical energy at the rate - 
of 11 kilowatts, 50 amperes current may be sent at 220 volts, 
or 5 amperes current may be sent at 2200 volts. As the 
current in the first case is 10 times that in the second case, 
the line loss in the second case is reduced to oiie-hundrcdtJi. 
Moreover, much thinner wires are required in the second case. 
Therefore it is economical to transmit electrical energy at 
high potential and loxv current. 

For this purpose, transformers are employed, both at the 
transmitting station and the receiving station, but alternating 
current alone can work them. As the strength of a direct 
current does not change, it cannot work a transformer, and its 
voltage cannot be changed. At the transmitting station 
the primary coil of a ‘ step up ’ transformer is connected with 
th A. C. generator, while its secondary coil is joined with the 
line wires. As high voltage is not safe for domestic use, 
the voltage is brought dowm to about 220 at the receiving 
station ; the line wires are connected with the primary of 
a ‘ step down ’ transformer, while energy is taken from its 
secondary. For example, the A. C. generator may supply 
current at 440 volts ; by using a ‘ step up ’ transformer of 
turns ratio 1 : 10, this voltage may be raised to 4400. At the 
receiving station this may be brought down to 220 volts by 
a step down ” transformer of turns ratio 20 : 1. For very 
long distance transmission, this transformation may be carried 
out in many stages, and the line voltage may be very high. 
For example, electrical energy is being transmitted from 
Jogindar Nagar to Lahore at the tremendous voltage of 132000. 

Q. 205. Show that in an A. C. circuit Cv=Ev cos c/VR, 
where C,. and E, are the virtual current and e. m. f. 
respectively and is the ‘ angle of lag.’ 

An alternating e.m.f . of 200 volts with frequency 
of 60 cycles per second is applied to a circuit having 
100 ohms resistance and 0’283 henries inductance. 
Find Cv and p. {Bombay, 1933) 

Alls. See Q. 202 for showing that the average power in 
an alternating current .circuit is . equal, to CvE'-cosc/j. But 
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accordinj; to the definition of virtual current, it is equal to 
Cv“R. where R is the resistance of the circuit. 


or 


Cv~R = Cv E, cos <l> 

iT 


C..^ 


Problem. In an aiternatin" current circuit of resistance 
R, inductance L, and frequency it. 

Impedance— \^R“4-4r-Vl/ 

Resistance = 100 ohms. 

Inductance =0‘2S3 henries 
Frequency = 00 per sec. 


Impcdancc= \''l00"+4 X 3‘142'X OO^x 0‘2S3^ ohms. 
Re^stance 
Impedance 


cos </> 


100 

v' 100- + 4 X 3'142^'x'60“ X 0*283^ 
= 0’6837 


or 

and 


V< = 4.5'89'^ 


Cv = 


200 X 0-68 37 
100 * 


= r367 ampere. 


Q. 206. Explain the action and use of choke coils. 
Discuss the question of energy losses in them and 
compare these with the corresponding losses in rheostats 
or control resistances. {Punjab, 7928) 


Alts. Choke Coils. See Q. 202 for showing that when an 
alternating potential difference of virtual value E of frequency 
n is applied to a coil of resistance R and inductance L to 
produce current of virtual value C, the average power 
consumed in it is equal to CE cos f/., where </> is the angle of 


R 


lag and its cosine is equal to . 

vR^.+ 4n-VL 


If its resistance 


R is very small as compared with its reactance , 27r«L, angle 
</> is very large, and then, cos <l> being very small, power 
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consumed in it is very loxv. Due to large self-inductance L 
or high frequency n, the induced e.m.f. is nearly equal and 
opposite to the impressed e.m.f., and only a very small part 
of the latter is effective. In the extreme case where R is 
zero, f/) is equal to ttIZ and cos 4> is equal to zero, so that no 
power is consumed in the coil. In this case current in the 
coil is said to be idle or wattless as no electrical energy is 
spent in it. Such a coil is called a choke coil and is used 
for regulating alternating current and voltage in a circuit, 
or to prevent high frequency currents entering it. 

A soft iron ring is broken into two semi-circles and a coil 
of thick wire and many turns is wound over one of them. 
The two halves are mounted close to each other; 
leaving air gaps between their ends. By changing the width 
of the air gaps, the inductance of the coil is changed, and 
thereby its reactance 2rnL is adjusted. 

Choke Coils and Rheostats. When direct current is 
to be passed through an appliance and the available 
potential difference is too much for it, a variable resistance, 
called rheostat or control resistance, is placed in series with 
it, and its value is adjusted so that the required current is 
obtained. In this case a good deal of electrical energy is 
wasted in overcoming the resistance of the rheostat. There 
is no other way of regulating direct current. 

If the same appliance is to be worked on an alternating 
current supply, a choke coil is used for regulating current in 
it. By changing its inductance the induced e.m.f. produced in 
the circuit is changed to adjust the effective e.m.f. and thereby 
current of required strength is passed through the appliance. 
If its resistance is made exceedingly low, its power factor 

cos <|) { = — approaches zero, and electrical 

^ VRH4rrVL/ 

energy wasted in it is negligible. If instead of a choke coil 
a resistance is used to regulate the current, energy is wasted 
in it as in the case of direct current. 

^ Suppose an arc lamp which requires 10 amps, at 40 volts 
IS put on an alternating current supply of 50 volts and 50 
cycles per sec. 
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(I) Choke coil used. 


40 


Resistance of arc lamp.— — = 4 ohms. 
Impedance =^-5ohms. 
Reactance = 4"= 3 ohms. 


anti 


COS'/. = 


4 

5 


Power consumed by the circuit=: 50 X 10 X - 


— 400 watts 

and „ ,, „ arc lamp =40 X 10=400 walls. 

Thus in the c.xtremc ease where the resistance of the choke 
coil is zero and, therefore, its introduction does not add to 
the resistance of tlic circuit, power used in the whole circuit 
is the saute as that developed in the lamp, that is, no energy 
is wasted in llie choke. In actual practice the choke has 
some little resistance and some energy is wasted in it but it is 
very low as compared with tlie case of a control resistance. 

(2) Rheostat used. 

Total resistance =^=5 ohms. 

Rheostat resistance =5 — 4 = 1 ohm. 
and power wasted in tlie rheostat = 10" X 1 = 100 watts. 

Power developed in the arc lamp is equal to 400 watts, so that 

20 % Iqq ] power consumed is wasted. 

Q. 207. Explain the action of a choke coil. 

• A choke having a resistance of 5 ohms and in- 
ductance 2 henry is connected to a 1,000 volt 60 cycle 
A. C. supply. Calculate the current in the circuit. 

[Punjab, 1935) 


Alts. Choke coil. See Q. 206. 
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Problem. 

Resistance =5 ohms 
Inductance = 2 henry 
Frequency = 60 cycles/sec. 

Reactance = 2 X 3*142 X 60 X 2 ohms, 
and Impedance = + (3’142 X 240Y ohms. 

VoUage= 1000 


Current = 


1000 

F 5H(3-142X4oY 


= 1'326 ampere. 


Q. 208. Describe the construction and working of 
an alternator. Explain the meaning of two -phase and 
three-phase currents and the advantage of the last 
type. 


Alls. Alternator. See Q. 198. The ends of the armature 
instead of being connected to the two commutator segments 
are joined to two separate rings, and the brushes of the 
external circuit press on these rings, so that the current in > 
the external circuit also is alternating. 

Usually commercial generators have a stationary armature 
whose ends are pcnnancntly connected to the line wires, 
and the field magnets rotate inside it. This enables very 
high vo'tage to be generated, as there is no danger of 
sparking and the coils can be well insulated from each other. 
Many conductors are joined in series, and the resultant e.m.f. 

IS the vector sum of the e.tti.fs. in the individual conductors. 


The field poles consist of coils with iron cores and they 
are excited by direct current generated by a small separate 
ci.c. dynamo. As an alternating current of about 50 cycles 
per second is suitable for commercial purposes, an alternator 
wuh two poles only has to be rotated very rapidly. To 
overcome this difficulty, iitaiiy pairs of poles, alternately north 
and south, are used. The e.m.f. induced in conductors under i 
nor po es is opposite to that induced in conductors under 
south poles, and, therefore, the adjacent coils are wound in 
cmrenH. that the direction of the induced 

which ‘^ycle is the time in 

pole and tbe position of the next north 

'when it is midi current in a conductor is reversed 

vhen It IS midway between two consecutive poles. 
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Two-Phase Currents. If two coils are mounted at vigJil 
ani^lcs to each other on the same core, the rate of change of 
flux through one is maximum when it is minimum through 
. 'c other, and vice versa, so that the phase difference between 
the two induced currents is 90°. In a two-phase alternator 
another series of coils is used inidiViiy between the coils of the 
first set, and two more terminals are added. 

Three-Phase Currents. Here three exactly similar but 
independent coils are mounted on the same core making equal 
angles with one another. The three currents induced have 
the saiitc virtual value, but differ in phase by 120^ from each 
other (Rig. 150). When one current has its maximum positive 
value, the second current is 
negative and its magnitude 
is decreasing, while the 
negative value of the third 
current is increasing, .^t 
any instant the algebraic 
sum of the three currents 
is^ccro, that is, the algebaric Fig. 150. 

■ .1 of any two is equal and opposite to the third. 

’ in transmitting electrical energy current is sent by a 
generator along one line wire and returns to it along a second 
line wire, and at any instant these currents are equal in 
magnitude but are flowing in opposite directions. As in a 
three-phase alternator each current is equal and opposite to 
the algebraic sum of the other two, the lead wire of one can 
serve as a return for the other two. Thus instead of -’using 
six line wires for the three currents, only three line wires are 
employed. One end of each armature coil is connected to one 
of the line wires while their other ends are connected together. 
For this economy of line wires three-phase alternators are 
generally used. 

Q. 209. Explain how a rotating magnetic field can 
be produced. Mention an important application. 

{Punjab, 1936) 

A ns. Rotating Magnetic Field. In Fig. - 151 {a), 1 and 2 
are the poles of one electromagnet and 3 and 4 are the poles 
of another electromagnet. Both are excited by alternating 
currents of the same virtual strength but they have a phase 
difference of 90°. When one current is increasing the other 
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is decreasing, and when one has its maximum value the other 
has its minimum value. The strength of the magnetic field 
produced by each current changes with it, and the resultant 
of the two perpendicular magnetic fields has constant value, 



(a) (b) 

Fig. 151. 

but its direction changes at a uniform rate and it completes 
one rotation in one time period of the alternating currents used. 

When the magnetic field due to the first electromagnet hasN 
its maximum value from pole 1 towards pole 2, the magnetic 
field of the second electromagnet has zero intensity, and the 
resultant of the two is represented by OA [Fig. 151(6)]. Then 
the strength of the first magnetic field decreases, while that of 
the second increases, from pole 3 towards pole 4. After one- 
eighth of the period of the alternating currents used, the 

strength of the first magnetic field is reduced to —rz of its maxi- 

V 2 

mum value and is represented by OB, and the strength of the 
second increases to of its maximum value OE and is rep- 
resented by OC. Their resultant is represented by OD, which 
is equal to the maximum strength of either magnetic field. 

.4fter a quarter period from the start, the intensity of the 
first magnetic field is reduced to zero, while that of the second 
attains its maximum value, and their resultant is represented 
by OE. Then the strength of the first magnetic field increases, 
in the opposite direction, that is, from pole 2 towards pole 1 
and that of the second decreases, but the magnitude of their 
resultant remains constant and its direction changes anti- 
clockwise. At the end of three-eighth of the period, the intensity 
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of Uic resultain inaRnetic field is represented bj' OF, and after 
Iialf a period by OG, which is equal and opposite to OA. After 
. five-cifchth, six-ciRhti), seven-eighth, and one period the 
lesnllant magnetic field is represented by OH, 01, OJ, 
and OA respectively, so that the period of the rotating 
magnetic field is equal to that of the alternating currents used. 

Application. This is used in the construction of induction 
motors. Three-phase currents are also used to produce a 
rotating magnetic field. The two electromagnets may be 
excited by two-phase currents, or a single-phase current, one 
part of which is passed through a non-inductive resistance 
and the second through an inductance of negligible resistance 
to get a phase difference of 90A If a cage formed of copper 
bars is placed in the space between the poles of the two 
electromagnets, the rotating magnetic field induces current 
in it- .According to Lena’s law the direction of the induced 
current is such that it opposes the cause wdiich produces it. 
As the cause of the induced current is the relative motion 
between the magnetic field and the cage, it begins to rotate 
in tlie direction of rotation of the magnetic field to oppose 
he relative motion. 

' Q. 210. Explain the working of a transformer, and 
find a relation between the potential difference 
between the ends of the secondary coil and the current 
in it. 

Aus. A irnnsformer consists of a closed laiiiiitafcd soft 
iron ring C (Fig. 152) over which are 
wound a primary coil P, P of iii turns 
and resistance Ri and a secondary coil 
S, .S of //j turns and resistance R^- 
When the primarj' coil is connected 
to a source of aUcrtiating current, 
the strength of the current varies from 
its maximum value in one direction to 
its maximum value in the opposite 
direction ; the iron ring is magnetised, first in one direction 
and then in the opposite direction, and the magnetic flux in it 
varies in accordance with these changes. As the number of 
magnetic lines of force passing through the secondary coil 
changes, is induced in it. When the current in the 
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primary coil is increasing, the induced c.in.f. in the secondary 
is in the opposite direction, and when the primary current 
decreases, the secondary c.m.f. is in the same direction. 
Therefore the induced c.m.f. in the secondary is also 
alternating, and its period is the same as that of the primary 
current. 

Due to change of flux, c.m.f. is induced in the primary also 
and is opposite to the applied c.in.f. at everj' stage. The ratio 
of the induced e.m f. in the secondary coil to the induced 
e.tn.f. in the primary is the same as the ratio of their respective 
number of turns, as there is no leakage of the lines of force 
between the two coils and, therefore, electromotive force 
induced in each turn of the two coils is the same. 
e.in.f. in the s econdary no. of turns in the secondary _ «2 

e-m.f. in the primary no. of turns in the primary ii\ 

As the energy of the induced current in the secondary is 
derived from that of the primary current, through the 
changing magnetic field, the product of current and e.mf, is 
the same for both the coils, and, therefore, the secondary 
current is tuversefy proportional to the secondary e.tn.f. The 
transformer is called “ step up ” or “ step down ” according 
as the number of the secondary turns is greater or smaller than 
the primary turns. The coil of greater number of turns is of 
thinner wire than the other. 

If Cl and C2 are the currents in the primary and secondary 
coils respectively and Ei and Eo are the corresponding 
induced e.in.f s., 

E)Ci= E2C2 

or Cl ^^2 _n2 

C2 El iti 

If the secondary is open, no current passes through it and 
there is a very small current in the primary for magnetising 
the core. As the resistance of the primary is very small, 
the back e.in.f. induced in it is very nearly equal to the 
applied potential difference Vi. 

When the secondary is closed, current passes in it in a 
direction opposite to that of the primary current. The magnetic 
flux due to the secondary current is opposite to that due to the 
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primary nirrcnt and tPiids (o demagnetise the core {Lciiz's laxo). 
Owing to decrease in lUix, back electromotive force Ei in the 
primary decreases and current in it increases until the resultant 
llux almost regains its original value. Thus the transformer 
works aulontaticully. If tlie secondary is closed, energy of 
the primary circuit is used according to the load in the secondarj', 
hut no energy is withdrawn from the primar}', except that 
used for magnetizing the core, when the secondary is open. 

Tlic fall of potential CiRj in the primary circuit is equal to 
the difference between tlie applied potential difference Vi and 
the induced back electromotive force Ej, so that 

V,= E, + C,R. 


or 


Ei = V!-C,Rj 


In tlie secondary the induced electromotive force K2 produces 
fall of potential C-Rj in it and the available potential diOerence 
V... between its ends is given by 


or 


or 


or 


V2 = Ej-CflR2 

E.= V2+CjR, 


E, 

V, 

— 

CiRi /!j 

.R» 

_ ^^2 

V 

^^2 ^ -p 

j— CjKi 


;/i 


«i 



Y 

2 

— AR. 




«i 

v.> 


V, 

-cMr, 


ni 






Q. 211. Derive the dimensions of the units of (a) 
current, (6) potential difference in the two systems of 
units. 

Discuss the question of the difference of the dimen- 
sions in the two systems indicating any important 
result to which it leads. {Bombay, 1931) 


Atm. Electrostatic Units, 
charges Qi and Q2 placed at a 


The force F between two 
distance, d from each other 
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in a medium of specific inductive capacity K is given by 

P_Q.Qe ' 

Kd- 

Taking the fundamental units of mass M, length L, and time 
T and putting the dimensions of F and d, we get 

A'T^T — “ ■ 

^ ^ UQV 

or [Q”-] = CK]M’L'T-= 

and [Q] = [v'k]m^L-^T-' ' ’ 

{a) As current is equal to the rate of flow of electricity, 

[Current] = 


= ’ ■ (2) 

ib) The amount of work done in carrying a charge from 
one point to another is equal to the product of the charge and 
the potential difference between the two points. 

[Potential difference] = 

[v/k]m-l-t-’ 

= [k'^]m^l-t-' • • 

Electromagnetic Units. The force F between two 
magnetic poles nn and placed at a distance d from each 

other in a medium of permeability /x is equal to 

••• M = [F][,x][d=] 

= M'L'T'=[/x]L^ 

= [/i]M'L^T-= 

and [„,] = [ 

As_ the force experienced by a magnetic pole in a magnetic 
field is equal to product of the pole strength and the intensity 


i 
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of the magnetic field, 

LI ole strengthj 
^ M‘L' T--’ 

[v/t] m'^iJt-’ 


_ . .l_ J. _3. , 

= [/^ “]M-L -T-' 


J. -3. 


Tlic magnetic intensitj’ at the centre of a circular wire 
■,'f mdius R when a current of C electromagnetic units passes 
2-C 

through it is equal to ~rg“* 

K 

(o) [Current] = [Intensity] X [R] 

= [,/■- ]M-l"'^T"'xl‘ 

= [/«"'] M-L-T-' • • • (4) 

and [Charge] -- [Current] x [Time] 

= [/' ■]M-L- . • • • (5) 

(6) [Potential difference] = 

[Charge] 

—1, 3. J. 

hi -]M-L- 

= [/r]M"L-T-= ■ • • (6) 


Relation between Units on the two Systems. The 
above results show that the dimensions of the same quantity 
on the two systems of units arc not the same in the units of 
mass, length, and time. But the dimensions of a physical 
quantity must be the same whatever the system of units 
adopted. The apparent discrepancy is due to the fact that the 
dimensions of K and n have not been expressed in terms of 
the fundamental units. Equating the dimensions of charge 
on the two systems we get 

-X X X _ — X :x , 

hi -]M"L“=[\''K]M-L'-T'' 

This shows that though the dimensions of n or K are not 
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known separately, the dimensions of same as 

those of velocity. The same result is obtained by equating 
the dimensions of potential difference or any other quantity on 
the two systems. 

If a and b represent numerically the value of a given charge 
on the electrostatic and electromagnetic systems respectively, 
then 

1 i i -In 

n[M-^L-T-’K-] = fe[M-L-,. “] 

a 

or - 

Here L’T^' is a unit of velocity of 1 cm. per sec. 
a 1 
b~ 




--V cms. per sec. 


^ Electromagnetic unit of charge __ ^ 

Electrostatic unit of charge ’ 

as the numerical value of a quantity is inversely proportional 
to the magnitude of its unit. Similarly, it is found that the 
electromagnetic unit of capaciiy divided by the electrostatic 
unit is equal to v^. 

By comparing experimentally the magnitudes of any one 
electrical quantity on the two systems, the value of v is found 
to be equal to 3X lo’® cm. per sec., and this is the velocity of 
light in vacuum. 

The action of electric and magnetic fields in rotating the 
plane of polarisation of light shows that the medium for the 
electric and magnetic phenomena is the same as that in which 
light waves are propagated. Maxwell found from theoretical 
considerations that the velocity of an electromagnetic wave in 

a medium should be equal to — , or the value of the elec- 

V/xK 

tromagnetic unit of charge divided by the electrostatic unit. 
From these facts he suggested the electromagnetic theory of 
light according to which light is a form of electromagnetic 
disturbance in the ether. 
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Q. 212. Give a method by which the ratio of the 
electrostatic to the clectromafinctic unit of current can 
be obtained. What is the value of the ratio, and what 
part did it play in the clcctroma.dnctic theory of light? 

{Punjah, 1937) 

d/(s. Ratio of Electromagnetic and Electrostatic 
Units of Current. Sec Q. 211, The ratio of the eiectro- 
inrif,'netic and electrostatic units of current is the same as that 
of the corresponding units of charge. As shown in Q. 211, 
tliis is equ.al to v, and can be determined from the ratio of the 
units of capacity on tlie two systems of units. 


Capacity = 


C harge 

Potential difi'erence 


Blcciroslalic Units 


[K~"3M"L^T-' 


Elect roinafinclic Units. 


[Capacity] = 


-I 1 1 

p^3!vr^L- 


[,r-]L->T- 


If c and in be the values of the capacity of a condenser on 
the electrostatic and electromagnetic systems of units respec- 
tively, then 

c[KL‘] = m[,-'L-'T‘] 


or 


in 


[UT-=] = 



T3ut [L^T~^] is the square of the unit of velocity of 1 cm. 
per second. 


Determination of The value c of the capacity of a 
condenser in electrostatic units is calculated from the dimen- 
sions of its coatings and the distance between them, while its 
value in in electromagnetic units is found by the following 
method : — 
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In one arm of a \¥heatstone bridge a small condenser C is 

connected, while the other 
three arms contain resistances 
(Fig. 153). One coating of the 
condenser is connected to the 
arm of the bridge, while its 
other coating is connected to a 
vibrator which vibrates n times 
per second in the gap between 
the points K and M. The 
resistances are adjusted until 
the galvanometer shows no 
deflection. 

Every time V comes in con- 
Fig. 153. tact with K, the condenser is 

charged and when it goes to the other extreme M it is 
discharged, so that the condenser is charged and discharged 
11 times per second. If E electromagnetic units be the 
potential difference between F and D, the charge on the 
condenser is Ew electromagnetic units. The amount of 
charge that pssses through the arm DF in one second is equal 
to E»«X;; electromagnetic units and this is the strength of 
current in it. If this arm contained a resistance only, its value 
R electromagnetic units for the same value of current would 
be given by 

= Umii 

fcC 

I -O 1 

or R= e.m. units 

mil 

Thus the condenser behaves like a resistance R, and 

R P 



or 




or 
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The value of v is ecjua! lo 3X lo'*’, and is the same as the 
velocity of light in vacuum in units. See Q. 211 for the 
cicctromafjnclic theory of iigiit. 

Q. 213. Explain the action of a triode valve as a 
detector and an amplifier. 

Draw the diagram of a typical receiving circuit. 

{Punjab, 103 1) 

Alls. Triode Valve. It consists of an exhausted tube 
containing a filament I', a wire gauze gird G, at a very short 
distance from the filament, and a cylindrical plate P surround- 
ing both F and G, [Fig. 15-1 (a)], \\’lien tlie filament is heated 



by connecting it to the low tension battery A through a variable 
resistance, it gives out electrons, and they are attracted by the 
plate P which is connected to the positive pole of the high 
tension battery B. Thus current passes in the plate-filament 
circuit, and its strength can be increased by increasing the 
plate potential or by heating the filament more by sending 
stronger current through it. 

The plate current is more effectively changed by varying 
the potential of the grid, which is very near to the filament, 
and it increases or decreases according as the grid potential is 
raised or lowered by moving its point of contact to the right or 
left of the resistance R, connected across the poles of the grid 
bias battery G.B. Fig. 154 {b) is the characteristic curve of 
the valve, and it shows the relation between grid potential and 
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plate current. It has one bend near the bottom and one near 
the top, and the part between the two bends is straight. 

Detector. When the negative potential of the grid is 
equal to OH, the plate current is stopped altogether. On 
raising its potential (decreasing the negative value), plate 
current increases, but the curve being bent upward, the plate 
current is increased ruore by any rise of the grid potential 
than it is decreased by the same fall of its potential. The 
grid potential is made equal to OA, so that the normal plate 
current is equal to OD, and the inductance of the coil L and 
capacity of the condenser C are adjusted to tune the circuit 
to the incoming waves, whose alternate positive and negative 
halves raise and lower the potential of the grid. If in any 
wave the grid potential is raised and lowered by equal amounts 
to OB and OC respectively, the corresponding values of the 
plate current are OE and OF, so that this current is increased 
by a greater amount than it is decreased, that is, its average 
value is increased. 

Thus while the waves are being received, [the average plate 
current is greater than its normal value OD. Its value changes 
with the amplitude of the radio waves, and its variation is 
according to that of the modulated wave received, that is, 
its frequency of variation is equal to that of the audio-frequency 
wave, which modulated the carrier wave at the transmitting 
station, and not that of the carrier wave. In this way the 
radio waves which are of too high a frequency to affect the 
telephone T produce in it audible sound of the frequency 
at which the carrier wave is modulated. A small fixed 
condenser C is connected across the plate load circuit to by- 
pass any radio-frequency currents not rectified by the valve. 

[Second Method. The above arrangement is called 
plate detection as the rectification takes place in the plate 
circuit after radio frequency amplification in the valve. 
Another arrangement for the same purpose is called grid 
leak detection, where rectification takes place in the grid 
circuit and then there is audio-frequency amplification in the 
plate circuit. Plere a condenser G.C. and a very high 
resistance G.L., called grid leak, are connected with the grid 
as is shown with the second valve in Fig. 155, and the plate 
current is adjusted helow its saturation valve. 
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Wiicn ilic valve is swilcbed on, clue to the presence of the 
Krici condenser, ilierc is no current in the grid filament circuit. 
As the electrons come to the grid from the filament, the}' can 
not e.scape and accumulate on it until due to the lowered 
potential further electrons are repelled. When the waves 
arrive the potential of the grid is alternately made positive 
and negative. The positive half of a wave raises the grid 
potential and immediately electrons begin to tlow to it ; its 
potential begins to fall, and at the end of the positive half it 
becomes /oxcer than it was at the beginning. The ne.xt 
negative half of the wave still further lowers the grid potential. 
This lali of the grid potential continues with the subsequent 
waves and the plate current decreases. 

The valve would be blocked but for the grid leak resistance. 
Its value is so adjusted that current begins to pass through it 
when the waves corresponding to half of the audio cycle 
have arrived, and the excess of electrons leak olf just before 
the arrival of the ne.xt audio cycle of waves. The grid potential, 
instead of varying according to the signal potential, goes on 
decreasing during the first half of the xvavc train and then, 
owing to leakage, increases with the next half. The plate 
current decreases during the first half and increases during the 
second.] 

Amplifier. To use the valve as an amplifier, potential 
of the plate or the grid is adjusted to work on the straight 
part of the characteristic curve, and with the normal grid 
potential the position is at Uie middle of this straight line. 
When the signals are impressed on the grid, its potential 
increases and decreases alternately. In the first case the plate 
current increases while in the second case it decreases, and if 
the grid potential remains over the straight part, equal changes 
in its value produce equal changes in the plate current. The 
average plate current remains the same, and the plate current 
wave is of exactly the same shape as that of the signal 
impressed on the grid. 

The variation of the plate current changes the potential of 
a point in the plate circuit many times more than the corres- 
ponding change of the grid potential. The potential difference 
between the ends of a resistance or an inductance placed in 
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the plate circuit changes and this is impressed inductively or 
through a capacity, on the grid circuit of the next valve. The 
ratio of the change of plate potential required to prbduce 
a given change in the plate current to the change of grid 
potential producing the same change in the plate current is 
called the amplification factor of the valve. 

Receiving Circuit. A typical receiver has three valve 
circuits (Fig. 155). The first valve on the left is coupled 



Fig. 155. 

inductively with the aerial and is a radio-frequency amplifier. 
Its circuit is tuned to the incoming waves, and the amplified 
changes of potential • between the ends of the primary of a 
transformer placed in its plate circuit are impressed through its 
secondary on the tuned grid circuit of the second valve, which 
acts as the rectifier. This transformer has no iron core, 
otherwise its impedance for the radio-frequency currents 
become very great. Then the rectified changes of current 
of audio-frequency are impressed, through a transformer with 
iron core, on the grid of the third valve, which is an audio- 
frequency amplifier, and the telephone T (or loudspeaker) is 
placed in its plate circuit. In actual practice onlj' one high 
tension battery is used to supply the plates of the different 
valves with different potentials and a single low tension battery 
heats all the filaments. By adjusting the plate potential and 
the filament current the required position on the characteristic 
curve and the grid potential respectively are obtained. 

Q. 214. Explain the use of a triode as an oscillator. 
Draw a diagram of a simple transmitter. 

[Putijab, 1935) 

Alts. Triode Valve as an Oscillator. In Fig. 156, plate 
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1^, IukIi tension battery B, oscillatory circuit consisting of a 


variable condenser C and a 
variable inductance L are 
ci inected through a hey K 
with the filament E, which is 
heated by the low tension 
battery A. The grid-filament 
circuit contains an inductance 
Lj coupled inductively with 
L. The potential of P is 
adjusted to make the plate 
current much below its satura- 
tion value. 



On closing the key K there is a sudden rush of electrons 
and, due to their inertia, the condenser C is overcharged. It 
then discharges through the inductance L, and, as shown in 
Q 215, this discharge of the condenser is oscillatory. Due to 
damping, the amplitude of the oscillations gradually decreases, 
and (lanij)cd electromagnetic waves, whose frequency is deter- 
mined by the capacity and inductance of the circuit and can 
be changed hy varying either or both of these quantities, are 
produced. If the charge of the condenser can be raise;! to its 
original value at tlic right moment after every period of 
oscillation, the oscillatory current and the electromagnetic 
waves become undamped. 

This is done by the inductance L], which charges the grid 
altprnately positively and negatively, because electromotive 
force is induced in it due to the variation of the magnetic field 
of coil L. The oscillatory current in the LC circuit acts induc- 
tively on coil Li and produces oscillatory current in the grid- 
filament circuit. It is aiitplified by the valve, as the operating 
point is on the straight part of the characteristic curve of the 
valve and equal changes of grid potential produce equal 
changes in the plate current, and reappears in the LC circuit. 
If the coils L and L] are correctly coupled, the original oscil- 
lations in the LC circuit are slreiigtlieited. The reinforced 
oscillations are again further amplified, and the process is 
repeated. In this way the amplitude of the oscillations goes on 
increasing, and equilibrium is attained when the plate current 
reaches its saturation value. The aerial and earth are connected 




418 


PHYSICS 


Q. 215. 


lo the LC circuit to radiate undamped continuous waves, 
whose energy is derived from the high tension battery, Thus 
because of its ability to amplify a thermionic valve it can-c 
generate undamped oscillations. ' 

Modulation. The microphone M used by the speaker is 
connected with a battery and the primary of an iron core 
transformer T whose secondary is in the grid circuit. When 
the broadcaster speaks in front of the microphone, current in 
the primary of the transformer changes and induces electromo- 
tive force in its secondary. The potential of the grid varies, 
and corresponding changes are produced in the amplitude of the 
oscillatory current in the plate circuit. The carrier wave is of 
a very high frequency, of the order of 10'*' per second, but its 
amplitude is changed by the microphone current at the frequency 
of the speech broadcast. 

Q. 215. Write short notes on any three of the 
following : — 

[а) Oscillatory discharge of a condenser. 

(б) Television, (c) X-rays, {d) Transformer. 

{Pitnjab, 1939) 

Ans. (rt) Oscillatory Discharge of a Condenser. In 
Fig. 157, a condenser C is charged by an induciion coil, the 
right coating having positive charge and the left coaling nega- 
tive charge, and it is connected 
with an inductance L through 
a narrow spark gap. When it 
is being charged, electric lines 
of force run from A to B. The 
potential difference between the 
coatings of the condenser becom- 
es too high, and spark passes 
between A and B. Current 
passes from A to B and magnetic 
lilies of force encircle the line 
Fig. 157. joining these two points. 

Owing to self-induction the 
current does not stop when the potential of the two coatings 
of the condenser becomes the same. The condenser becomes 
over discharged ; the coatings acquire charges opposite to those 
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they first possessed, and the electric lines of force run from 
B to A. Again the spark passes, but now from B to A, and 
magnetic lines of force encircle the line BA, in the 
opfiosi/c direction to that in the last case. 


The condenser is again charged, the right coating positively 
and the left coating negatively. The process is repeated, but, 
owing to tlie dissipation of energy, successive surges of current 
become weaker and weaker. Thus when the resistance of the 
circuit is very snieill and below a certain value, the discharge 
of tile condenser is oscillatory, and the discharge current is 
alternating and of decreasing amplitude. When the spark is 
examined in a rotating mirror, it is found to consist of a number 
of separate lines. 

Due to the changes in the magnetic and electric fields in 
perpendicular directions, electromagnetic waves are given ofl’ 
in a direction perpendicular to the two fields, and their period 
depends on the capacity and inductance of the circuit. 


(Z>) Television, The object is strongly illuminated and 
its image is formed on the scanning disc, which has a large 
number of holes arranged around it in the form of a spiral 
[Fig, 15S (a)]. The height of the image is equal to the distance 
between the first and last holes and its breadth e.xtends bet- 
ween any two consecutive holes. On rotating the disc, each 
hole moves in front of a narrow strip of the image and one 
different from those of the last and next holes. When one 
hole leaves the image on the right, the next lower hole is on 
its left and scans the next lower strip. In this way the whole 
of the image is scanned in one rotation of the disc and this 


takes less than — sec. 

lo 


A photoelectric cell [Fig. 158 (6)] is placed behind the disc, 
and it receives successively through the disc minute spots 
of light, whose intensity is proportional to the intensity of 
illumination of the point of the object from which it comes. 
The spots of light fall on the metal film M, which is 
connected to the negative pole of the high tension battery B, 
and the electrons given out by it are received by a rirg 
connected to the positive pole of this battery. The strength 
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of the current in the photoelectric cell is proportional to the 
intensity of illumination of the point of the object from which 



current in the resistance R are amplified and then made to 
modulate the carrier wave of the transmitting station. 

At the receiving station the signals are amplified, rectified, 
and again amplified through many stages, and the final plate ,, 
current, which changes according to the current of the 
photoelectric cell, is passed through a neon tube, instead of 
a telephone. This tube has two plates placed a very small 
distance apart in neon gas. When the potential difference 
between these plates exceeds a certain limit (about 100 volts), 
the negative plate gives out a pinkish glow. The intensity 
of this glow varies instantaneously and directly as the 
changes in the potential difference impressed on the plates. 

A scanning disc rotating in exact synchronism with that at 
the transmitting station is placed between the observer and 
the neon tube. Each hole moving in front of the neon 
tube describes narrow strip, and the observer sees a combina- 
tion of spots of light whose relative intensity and arrangement 
are exactly the same as at the corresponding strip at the 
transmitting station. The observer receives these strips of 
light in quick succession, and as one rotation takes less 

than — sec., due to persistence of vision, the image is seen 
as a whole. 

(c) X-Ray. See Q. 219. 

(d) Transformer. See Q. 210. 
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Q. 216. Explain Sir J. J. Thomson’s method of 
ascertaining the values of and v for cathode rays. 

{Bombay, 1935) 

Alls, Thomson's Method, (a) Electrostatic Field. 
The cathode rays coming from the cathode C are passed 
through a narrow slit in the earthed anode A and a narrower 
slit in another earthed plate B to get a narrow beam, and 
they fail at D on a fluorescent screen at the other end of the 
exhausted tube BD [Fig. 159(a;]. Tube BD contains two 
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Fig. 159. 




parallel metallic plates, one near its top, and the other near 
its bottom. The upper plate is connected to the positive 
pole of a high voltage battery whose negative pole is earthed, 
while the lower plate is connected with earth, so that an 
electric field of uniform strength F c m. units is produced 
from above downward in the plane of paper and perpen- 
dicular to the path of the cathode rays. 

When there is no electric field, the cathode rays move 
along a straight line CABD. On switching on the batterj', 
the cathode rays, being negatively charged, are deflected 
upwards and follow a parabolic path BE, and their displace- 
ment DE is equal to d cm. If c electromagnetic units be 
the charge of an electron and in gm. its mass, it experiences 
a force of Fc dynes upward and its acceleration is equal 

to — cm. per sec. per sec. perpendicular to its original 
m 

path. Let v cm. per sec. be the velocity of an election and 
suppose it tabes t sec. to travel the distance BD of length I 
cm. It moves forward with a uniform velocity of v cm. per 
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sec., and also upward with a uniform acceleration of — cm. 

in 


per sec. per sec. 


vt = l cm. 
I 


2 \ 111 
Fl^ 

' 2(iv^ 


Fe\ 2 1 Fc 

J t — r cm. 

Ill / 2 III V" 


gm./e.m. unit 


(6) Magnetic Field. A uniform magnetic field of strength 
H gauss is applied to the whole length of the tube BD and 
to the plane of paper from above downward. 

I he stream of electrons experience a force in the plane of 
paper perpendicular to the magnetic field and their direction 
ot motion at each point on their path, and not their original 
path, they describe a circular arc of radius R cms., and their 
aeii^ection DG is opposite to that produced by the electrostatic 

If N IS the number of electrons per c.c., Nan electrons 
pass through a cross-section area a sq. cm. of the beam 
in one secon . Therefore a charge of cNov electromagnetic 
units passes m one sec., and this is the strength of current i. 
thp exerted by the magnetic field on a length L of 

Sat tr 1 HLeNan dynes, so 

SSnlc experienced by one electron is equal to Hen 

3 e., as the number of electrons in a length L is equal 

to NLa. This is the centripetal force which makes 

DG(2R- DG) = NG- = BD^ 

DG'is very smlll »” «»' radius OB. As 

practicali; aiaUo2E - 

A d.2'R=f 

cr „ 
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Rm./e.m. units 


, , inv inv 2d 
Jnit I lev-'-' — — — 

R 1“ 

m I I/" . , . 

Rm./e.m. units .... (2) 

c Idv 

(c) Combined action of Electrostatic and Magnetic 
Fields. Tlie intensities of the l\vo fields are so adjusted 
that their deflections are equal and opposite, that is, under 
their coinhind action the path of the beam remains unchanged. 

.■. IIcv = Fc 

or U 


Putting this value of t’ in (l) or (2), the value of — is 

e 

found. 

Q. 217. Give an account of some recent determina- 
tion of c the electronic charge, and give the theory of 
the method. 

, Taking c as 4‘7 x 10"'® electrostatic units, the electro- 
■ ' chemical equivalent of hydrogen as 0'0000104 gm. per 
coulomb, and the standard density of hydrogen as 
0‘00009 gm. per c.c., estimate the number of molecules 
per c.c. of hydrogen under standard temperature and 
pressure. {London University) 

Alts. Determination of Electronic Charge. Milli- 
kan’s Method. Very fine drops of oil or mercury are 
produced in a chamber with 
an atomiser A, and some of 
them pass into the lower 
chamber through a hole in 
plate C, which is placed at a 
small distance from, and parallel 
to, another horizontal plate D 
(Fig. 160). The lower chamber 
is lighted with a strong beam of 
light, so that the fine drops 
appear as bright points of light 
when looked at through a micro- 
scope, whose eyepiece is fitted 
with a scale. These drops do 



Fig. 100. 
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not evaporate appreciablj', and individual drops can be kept 
under observation for a long time. 


The two plates, C and D, are connected together by a wire- 
so that there is no potential difference between them. A drop 
of mass M gm., radius a cm,, and densit}' P gm. per c.c. has 
weight of dynes, but it experiences upward thrust 

of air of i~a^ag dynes, where o gm. per c.c. is the density of 
air, so that it falls under a force of i~a^{P — a)g dynes. Its 
downward motion should be uniformly accelerated, but the 
viscosity of air opposes its motion. The retarding force due 
to viscosity increases with the velocity of the drop and it soon 
becomes equal to its effective weight. Then the drop moves 
w’ith a steady velocity of vi cms. per sec , which according to 
Stokes’ law is given by 


2a^(P - a )0 



9 /IV I 


) 1 
-t- 


( 1 ) 


‘ i2(P-«r)g) 

where /t is the co-efficient of viscosity of air. By noting the 
time that the drop takes to fall through a known distance, its 
steady velocity is found. 


Plate C is connected with the positive pole of a high voltage 
battery B, while the lower plate D and the negative pole of the 
battery are connected with earth. If the distance between the 
two plates is d cm, and V electromagnetic units is the electro- 
motive force of the battery, the intensity F of the uniform 
electric field produced between the tw’o plates is equal to 
V/d electromagnetic units. 


Then the air between the two plates is ionized by exposing 
it to X-raj’s. The drop picks up one or more ions, and it 
experiences an upward or downward electric force according 
as the ion is negative or positive. If the drop takes up u ions, 
each of charge e electromagnetic units, the force of the electric 
field on it is equal to Fne dynes, and the resultant force on it 
is equal to a^(p — cr)gztF«e dynes. The drop acquires a 
new steady velocity of uo cms. per sec. which is proportional 
to the new force on it. 


Uo 


i7ra^(P-a)g:tF,ie 
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or 


iic~ n: 


- Ct)^ 


3r,F 


Putting tlic value of a from (l) and the value of F equal to 
(/, we get 

, _ {vj- v,)(H~iP - I I - 

3r,V 1 2(P - ) 

~^~3v[z) i(P-<r)sl 

'J'hc value of changes with the number of ionic 

changes taken up by the drops, but it is always an iulcgral 
multiple of a certain least value which corresponds to n equal 
to one. Putting this minimum value of (va — U|) and the other 
Icnown quantities in (2), the value of c is obtained. 

.\n alternative method is to adjust the electric force to 
balance the effective weight of the drop when it becomes 
stalioinrry. 



Fnc = iiTr(^(P — <r)g 

or 



2ird (9,m,)- 

and 

«c= -- , 


... (3) 


Problem. In an electrolyte an hydrogen ion consists of one 
atom of it and it carries a positive charge which is numerically 
equal to the charge of an electron. 

Mass of 1 c.c. of hydrogen = 0‘00009 gm. 
Electrochemical equivalent of hydrogen= O’OOOOl 04 gm./coulomb. 


.•. Charge on 


ions in one c.c.= 


Q'00009 9 

0’0000104 ro4 


coulomb. 


But Charge on one hydrogen ion = 47 X 10 e.s. units. 

coulomb. 


No. of ions in one c.c. 


3X10-' 
9X3 


r04X47X 10 


,-19 


= 5-526X 10 


19 


and No. of molecules in one c.c.=2763 X 10‘^ 
as one molecule of hydrogen consists of two atoms. 
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Q. 218. Describe and explain Thomson s method 
for analysing positive rays, and discuss the meaning of 
isotopes. 

Alls, Positive or Canal Rays Thomson’s Method. 
The positive ions in the kathode dark space move towards the 
kathode, and the faint glow on the kathode is due to them. 
Thomson’s apparatus consists of two parts ; the discharge tube 
T where the rays are produced, and the camera tube on the 
right where they are examined and their presence delected 
by their action on the photographic plate P [Fig. 161 (n)]. The 



Fig. 161. 

gas to be examined is supplied to tube T through a side tube 
B, and is removed by a pump through a tube G to keep the 
gas in T at a suitable low pressure. The camera tube is 
connected to a tube containing charcoal immersed in liquid air 
for absorbing the gas. The pressure in the camera tube is 
made much below that in T, and can be easily maintained as 
the diffusion through the kathode tube is very slow. 

The kathode K is pierced with a very uarroxo long slit, 
through which a very fine pencil of positive rays passes into 
the camera tube. The kathode tube is surrounded by a 
thick tube of ion to protect the rays in it from the magnetic 
field, while the tube T is protected by the iron sheets I. Two 
blocks of soft iron, C and D, are connected to the poles of a 
battery which produces an electric field between them, and at 
the same time they form the pole pieces of a very strong 
electromagnet E.M. from which they are insulated by mica 
sheets S. 

Thus the rays pass through a magnetic field of intensity H 
gauss and an electric field of intensity F electromagnetic units, 
both in the plane of paper and perpendicular to the path of 
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the rays. The dcfleclion .r produced by the electric field is 
in the plane of paper, perpendicular to the path of the rays, 

, . cF 

and IS proportional to - while the displacement v due to 

cU 

the magnetic field is proportional to - and is perpendicular 

IIIV 

to both the magnetic field and the path of rays, that is, 
pc-rnendiciilar to the plan of paper. See equations 1 and 2 
of O. 215. 

/ ^ £!±\ 

X nri>' t’F F )it 


or 



• ( 1 ) 


1*1 ” c 

Here — is a constant and if — is also constant, y" is 
!• in 


propor- 


tional to .r, and a parabola is obtained on the photographic 
plaic with its axis parallel to the axis of .v [Fig 16l(f;)]. Different 
points on the same parabola correspond to particles of the same 


value of moving with different velocities, while different 
)// 


parabolas indicate particles of different values of — , for which 

both e and m may be different. 

y _ .(2) 

.V mv cl* F 

Thus ■— measures the ratio of the charge to the mass of the 


particles, while ^ 'S measure of their velocities. If KJE and 

NQ arc drawn perpendicular to the X-axis, the ratio — of 
the particles deflected to K to that of the particles deflected to 
F is equal to^j^j , while the ratio of the velocities of particles 
deflected to N and J on the same parabola is given by 


^ OE 

oq’ je ■ 
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Isotopes. The ratio ^ of any element to that of a single 

charged hydrogen atom is called the electric atomic xceif^ht of 
the former. Taking the mass of hydrogen atom as the unit, 
the masses of the individual atoms of other elements can be 
measured. With instruments of greater sensitive power it is 
found that a single parabola of an element, which corresponds, 
to the same charge, consists of a number of parabolas. This 
shows that atoms of the same element differ in mass and 
that any particular atom belongs to one of the several groups. 
Such substances which have identical chemical properties, 
but different atomic weights, are called isotopes. All the 
isotopes of the same element have the same atomic number 
and cannot be separated by chemical methods. Taking the 
at. wt. of ox}’gen as 16, their atomic weights are whole numbers, 
and experiment shows that the fractional atomic weight of an 
element is due to the mixture of its two or more isotopes. 
Thus the fractional atomic weight 35'46 of chlorine is due to 
its two isotopes of at. wts. 35 and 37 mixed in a proportion 
which is the same no matter how chlorine is obtained. 

Q. 219. Describe the production, properties, and 
uses of X-rays. 


Alls. Rontgen Rays or X-Rays. Production. When 
the cathode rays fall on an obstacle of high atomic 
weight, X-rays are given off. The cathode K is made 
concave, and at its centre of curvature is placed a tungsten 

plate B, inclined at angle of 45° 
to the axis of the cathode. Plate 
B is called anticathode and is 
connected to the anode A (Fig. 
162). The tube is exhausted 
until the Crookes’ dark space 
occupies the whole of it and 
there is no cathode glow. The 
cathode rays are focussed on B, 
X-rays are given off from it. They pass out from one 



Fig. 162. 


and 


side of the tube, as shown by arrows. 


The velocity with which the cathode rays strike the target 
depends on the potential difference between the two electrodes 
of the tube. Owing to their very high velocity, they penetrate 
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Jnlo the inner energy levels of the orbital electrons of the 
atoms of the anticathode, and by repulsion expel some orbital 
electron out of the atom. To take the place of this ejected 
electron, another electron from au outer arbit falls into the 
inner orbit, and X-rays are radiated. 

Properties. These rays are not deflected by an electric or 
a magnetic field, and, therefore, are not charged particles. 
They are a form of electromagnetic radiation, and their velocity 
is the same as that of light, but their wave-length is short 
(10~^ to 10“® cm.) as compared with that of the visible 
part of the spectrum (10~^ cm.). With high potential 
difference hard X-rays of high frequency are produced, while 
soft rays of low frequency are generated when a low potential 
difference is applied to the tube. 

These rays affect a photographic plate and produce fluorescence 
in a barium piatinocyanide plate placed several metres away. 
When they are passed through a gas, it is ionized and becomes 
a conductor of electricity. They are very penetrating and their 
penetrating power depends on the atomic weight of the anti- 
catho'de and the substance through which they pass. The greater 
the density of the substance, the smaller is the penetrating 
power of the rays for it. A 0‘5 mm. thick plate of lead is more 
opaque than a 5 cm. thick plate of aluminium. They pass more 
easily through wood than iron, and more easily through iron 
than through gold. 

When they fall on a metal plate, some pass out without any 
change and some are scattered. In addition to this, electrons 
are ejected with a velocity equal to that of the cathode rays in 
the X-ray tube in which the primary X-ray were produced, 
and X-rays of smaller frequency are given off. These 
secondary X-rays depend on the penetrating power of the 
primary rays and the atomic weight of the element struck, and 
are characteristic of the element. Most substances give out 
one or more kinds of characteristic homogeneous X-rays, but 
for their production the primary X-rays must be of greater 
frequency. The characteristic rays form different series, 
according to their penetrating power, and some substances 
give out lines of two series simultaneously. These series are 
called K, L, and M in decreasing order of penetrating power 
and frequency. 
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The spectra of a given series of different elements resemble 
each other. Not only the number of lines is the same in each, 
but in each case they are similarly placed. The wave-lengths 
of corresponding lines decrease with atomic weight but there 
is no fixed ratio. Mosley has found that the square root of 
the frequency of a given line for different elements is propor- 
tional to their atomic numbers, which are equal to the 
resultant positive charges on the nuclei of their atoms or the 
number of the orbital electrons. The high frequency waves 
are given out by the electrons of an inner orbit, while the outer 
electrons are responsible for the emision of the low frequency 
waves. 

Uses. These rays pass more readily through flesh than 
through bones. When they are passed through a part of the 
human body and the emergent rays received on a fluorescent 
screen, a shadow picture of the bones and imbedded bullet or 
any metal piece is seen on it. For rays of different hardness 
the transparency of flesh is different. Therefore thick muscles 
can be distinguished from others, and even the actual beating , 
of the heart can be seen. For taking a photographic record, the 
active face of the fluorescent screen is placed against the 
photographic plate. 

In addition to finding fracture or dislocation of bones, any 
imbedded foreign matter, and the diseases" of the internal 
organs, these rays are also used for the treatment of certain 
diseases, specially of the skin. Due to their ionizing power 
they produce chemical changes which are responsible for their, 
physiological effects. 

They may be used for testing the proper nailing or fitting 
of costly shoes. Imitation pearls are less transparent than the 
real pearls owing to these rays, and thus they can be distinguished 
from one another. 

These rays are used for studying the structure of the crystals, 
that is, the arrangement of atoms in them. By studying the 
different effects produced when they fall on a substance the 
structure of its atoms, the charge on the nucleus, and’ the 
arrangement of electrons in them are found. 

Q. 220. Explain the photoelectric effect. Describe 
a photoelectric cell and its working, and mention 
some ot Its uses. 
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Ans. Photoelectric Effect, When light of certain 
frequencies falls on certain metal plates, particularly the 
amalgams of the metals of the alkali group, they emit electrons 
and acquire a slight positive potential. As the positive 
potential of the metal plate increases it resists the escape of 
electrons, and after a certain stage their emission stops. This 
phenomenon is called phoioelectric effect, and the strength of 
the photoelectric current is increased by increasing the 
intensity pf the incident light, or connecting the metal plate 
with the negative pole of a high voltage battery whose positive 
pole is connected with another plate placed at a small distance 
from the first plate. 

The kinetic energy of the emitted electrons is measured by 
the positive potential which when applied to the plate just 
prevents their emission, and from this their velocity is calculated. 
It is found to be different for different electrons, but it has a 
certain maximum value. Those electrons which come from 
the surface have maximum velocity, while those coming from 
below the surface lose energy in coming to the surface and 
emerge from it with a smaller velocity. Experiments conducted 
in vacuum show that the maximum velocity of the emitted 
electrons depends on the wave-length of the incident light. 
It is independent of its intensity, but increases with its 
frequency. With greater intensity of the incident light, the 
rate of emission of the electrons increases, but their velocity 
remains unchanged. For every, metal there is a certain 
minimunt frequency of the incident light, called threshold 
frequency, below which no electrons are emitted. 

The wave theory cannot account for these results, but the 
quantum theory explains them satisfactorily. According to 
this theory, a radiation of frequency n consists of discontinuous 
bundles of energy each of value hn, where h is a universal 
constant and is called Planck’s constant. These bundles of 
energy are called photons, and they are absorbed or emitted in 
whole numbers. When light falls on the plate, an electron 
absorbs a photon of energy hn. In detaching itself from the 
metal plate a certain amount of work to has to be done by the 
electron of mass and it emerges with a velocity v, so that 

\in~o'— Itn — w. 
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If the frequency of the incident light is equal to the threshold 
frequency iio for the given metal, the energy of the photon is 
just sufficient to detach the electron, and 

hiio — iv 

Combining these two equations, we get 

= — iio) 

If a positive potential V given to the metal plate just prevents 
the emission of electrons of charge e, Vc is equal to i 

and Ve=/i(«-;/o\ 

so that the graph between V and ii is a straight line. 

When hit is smaller than to, no electrons are emitted however 
great the intensity of the incident radiation may be, because an 
increase in intensity simply increases the number of photons 
falling on a unit area of the surface in a unit time, but the 
energy of each photon remains unchanged. 

Photoelectric Cell. A very fine film of a metal is more 
sensitive than a thick plate of it, and a film of its hydride or 
oxide is still more sensitive. On the inside of a glass bulb a 
thin layer of silver is deposited, except for a small window on 
the left through which light is to enter [Fig. 158(6)], and a part 
of the silver coating is covered with a fine layer of the active 
material. The silver coating is connected with a cap on the 
■ glass bulb, and thus the active material can be connected with 
the negative pole of a high voltage battery. The anode is 
placed in the middle of the bulb and is in the form of a ring, 
§0 that it may not obstruct the light falling on the active 
; ■'material. 

■ The cell is either completely exhausted or after complete 
evacuation it is filled with a small amount of one of the rare 
gases, such as helium, argon, or neon. In the vacuum type of 
the cells, the photoelectric current is solely due to the electrons 
emitted by the active material, while in the gaseous type the 
ejected electrons ionize the gas and expel electrons which 
further increase the current and make the cell more sensitive. 
As the photoelectric current is very low, of the order of Jew 
microamperes, it is passed through a resistance and magnified 
many times with a number of thermionic valves. 



Q. 22i. CURRENT ELECTRICITV 433 

Uses. In order to use a photoelectric cell for different 
purposes, a suitable source of light is used and light is passed 

- to the cell in a suitable manner. It is the interniption of the 
light falling on it, and the consequent change in the photo- 
electric current, that makes its applications so varied. It is 
used in television, sound pictures, sorting and sampling devices, 
fire and burglar alarms, controls, colour analyzers, and light 
intensity meters, 

Q. 221. Describe the chief characteristics ofet, j8, 
and rays. Is there any relationship between any of 
these rays and X-rays ? {Calcutta, 1936) 

Aus. When the nuclei of the atoms of radio-active elements 
explode, helium nuclei (alpha particles), or electrons (beta 
particles), or both are ejected, and at the same time electro- 
magnetic waves (gamma rays) are radiated. 

«-Particles. These particles cause fluorescence and 
produce scfntiiiations on a fiuorescent screen, which are 
visible through a microscope. On passing through a gas they 
ionize it by knocking out electrons from its molecules. When 
their velocity falls below a certain critical value, they are 
unable to ionize the gas any further. This range is measured 
by receding the ionization chamber away from the source of 
these particles until the ionization current just stops. The 
ionizing activity of a radio-active substance is mainly due to 
these particles, owing to the large amount emitted, but their 
photographic action is very weak.. 

They are deflected by an electric ora magnetic field applied 
perpendicular to their path, and their direction of deflection 
shows that they are positively charged. Their deflection is 
very small as compared with that of the ^-particles, showing 
thereby that their mass is comparatively large. The value of 

— is the sauic for all ct-particles, and its value is equal to 

■VI 

4823 e.vi. units per gram, while the corresponding value of 
hydrogen ions in electrolysis is 9650 in the same units. This 
shows that either the mass of an ct-particle is twice that of an 
hydrogen ion and it carries a single charge, or it carries two 
units of charge and its mass is four times that of the hydrogen 
ion. By collecting these particles in a tube and allowing them 
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to remain there for some days, when their velocity is decreased 
on passing through mass and they pick up electrons to become 
neutral atoms, spectrum of helium is obtained. Therefore 
these particles are atoms of helium carrying two units of 
positive charge. 

The velocity of expulsion of these particles is characteristic 
of the parent radio-active substance and is of the order of 10 
cms. per sec. They penetrate through matter, but their 
penetrating power or range is smaller than that of the 
/d- particles and '‘/-rays. The stopping power of a substance for 
«-particles increases with its atomic weight and is proportional 
to its square root, so that their range in hydrogen is four times 
that in oxygen. Further, their range in a gas varies inversely 
as its pressure. 

When an ct- particle is ejected, the nucleus loses two units 
of positive charge, and its atomic weight decreases by four 
units. The number of orbital electrons is decreased by two, 
and a new element of smaller atomic number and atomic weight 
is formed. 

^-Particles. They produce brilliant fluorescence, parti- 
cularly on a barium platinocyanide plate, the colour depending 
on the nature of the plate. These particles produce ionization, 
and are about 100 times more penetrating than a.-particles, so 
that they are easily detected by the photographic method. They 
do not exhibit any definite range, because when they collide 
with atoms, due to their small mass, they are deflected and, 
therefore, their path is zigzag. 

"Unlike U-. particles, the ^-particles from a substance are not 
homogeneous but possess different velocities, ranging from O’ 3 
to 0 99 of that of light. They are deflected by a magnetic or 
an electric field much more than the a -particles and in the 
opposite direction, so that they are negnfively charged particles 
of a very small mass as compared with that of the (X-particles. 

The value of — is not constant, but decreases with velocity, 

showing that their mass varies with velocity and increases as 
their velocity approaches that of light. For low velocities, the 

value of ~ is equal to 177X10^ e.m. units per gram, which 

is the same as that of the kathode rays. 
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When a jS -particle is ejected by the nucleus of an atom of a 
radioactive substance, its positive charge increases by one unit 
but no appreciable change is produced in its mass, so that its 
atomic number increases by one though its atomic weight 
remains the same. It acquires one more orbital electron and 
a new element of different chemical properties is produced. 

'V-Rays. These rays differ greatly from the ct and /3 
particles. They are not deflected by a magnetic or an electric 
field so that they carry no electric charge. They produce 
fluorescence and photographic action and ionize the gas through 
which they pass. Their penetrating power is very great, being 
about 100 times that of the -particles. 

Their velocity is equal to that of light, and they consist of 
electro-magnetic waves of very small wave-length, ranging 
from 1‘7 X 10~'° cm. to 4T X 10' ® cm. and depending on the 
kind of transformation in which they are produced. The nucleus 
after emitting a /3 -particle is left in an excited condition, and 
settles down to the new kind of atom after giving out “f-rays. 

Thus '/-rays resemble X-rays, both being electromagnetic 
waves in the ether, except in their great penetrating power and 
smaller wave-length. The X-raj’s in passing through matter 
produce electrons of low velocity while '/ rays liberate electrons 
of high velocity and produce ionization. 

Q. 222. Write a short note about what you know 
about the structure of the’atoni. [Punjab, 1934) 

Alls, Structure of the Atom. According to the electron 
theory, all kinds of matter is made up of positively charged 
particles called protons, and negative charges known as 
electrons. Every atom, like the solar system, consists of a 
massive and very minute nucleus, made up of protons and 
electrons, at the centre, around which one or more electrons 
revolve in regular orbits. The nucleus and the electrons 
occupy a I’ciy small part of the volume of the atom, so that 
there is a relatively very large amount of empty space. Each 
proton has a unit positive charge while an electron is a unit 
of negative electricity, and the positive charges of the nucleus 
is greater than the number of electrons in it, that is its resul- 
tant charge is positive. Under normal conditions everj' atom is 
electrically neutral, so that the number of electrons revolving 
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around tbe nucleus is equal to the resultant charge 

on it. The mass of the atom is almost solely clue to the 
nucleus, as the mass of an electron is about 
the proton. 

In going from lighterto heavier atoms, the mass of the nucleus 
increases by one or more units at each step but its resultant 
positive charge or the number of orbital electrons rises bj' 
one unit only. The simplest of all atoms is that of hydrogen, 
and consists of a single proton as its nucleus around ^ which 
revolves a single electron. The next simplest atom is that 
of helium, where there are four protons and two electrons in 
the nucleus with two orbital electrons, while the most complex 
atom is that of uranium consisting of a nucleus of 23S protons 
and 146 electrons, and around it revolve 92 electrons. 

For stability the maximum number of electrons in any orbit 
is fixed, and is 2, S, 8, 18, 18, 32, 32 in successive outer orbits. 
Ho electron can exist in any orbit unless the next inner orbit 
contains its maximum number. Those elements in which the 
number of electrons in the outermost orbit is maximum do not 
enter into chemical combination, while those in which the 
quota of this orbit is not complete tend to enter into chemical 
combination with other elements in a similar dissatisfied 
condition by the interchange of these electrons. The electrons 
in the outermost orbit are not so strongly bound to the nucleus 
as the electrons of the inner orbits, and their arrangement is 
disturbed by the proximity of other atoms. For this reason 
the compound formed does not exhibit those properties of its 
components w’hich depend on the electrons in the outermost 
orbit. These properties, such as chemical affinity, viscosity, 
surface tension, atomic volume, melting and boiling points, 
co-efficient of expansion, optical spectra, etc., depend on the 
number of the outermost layer electrons and are periodic. 

The number of orbital electrons in a neutral atom or the 
resultant positive charge on its nucleus determines its atomic 
number. All the isotopes of an element have the same atomic 
number though their atomic weights are different, and have the 
same chemical properties. Thus the chemical properties of an 
element are determined by its atomic number and not its 
atomic weight. Elements with similar properties are found at 
regular intervals when arranged according to their atomic 
numbers. 
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The electrons in the nucleus are very strongly held captive, 
and their arrangement is not easily disturbed by other atoms. 
1 hrerefore properties depending on these electrons are exhibited 
ev'en when the element enters into chemical combination with 
another substance. These properties, such as X-ray spectra, 
are not periodic but increase with tlie atomic number of the 
element. 

An electron when revolving in its orbit does not radiate energy 
continuously. According to Bohr, only certain orbits, called 
stationary states, are possible, and in such a state no radiation 
of energy occurs. When an electron is displaced from an 
inner orbit to an outer orbit, w'ork is done on it and its poten- 
tial energy increases, w'hile its potential energy decreases 
when it falls from an outer orbit into an inner orbit. It is only 
when an electron, disturbed and displaced to an outer orbit, 
passes from it to an inner orbit that energy is radiated in the^ 
form of electromagnetic waves. The different lines of the 
spectrum of an element correspond to different initial and final 
orbits, and all the lines in which the final orbit is the same 
belong to the same series. 

Q. 223. Describe Zeeman effect and give its explana- 
tion on the simple electronic theory. 

Alts. Zeeman Effect. When a source of monochromatic 
light is placed betw'een the poles of a very sfroug electromagnet 
and examined wdth a spectrometer of very high resolving 
power, a single line of its spectrom is found to be split up into 
ixvo or three lines according as the source is observed alons the 
magnetic field, though a hole bored in the pole pieces, or pcr/jcn- 
dicnlar to it Fig. 163 («•) gives the normal position of the 


(^) I 
(tJ 1 1 
(o III 



Fig. 163. 

line in the absence of the magnetic field. The two lines 
observed in the direction of the field are both displaced but on 
the opposite sides of the original line, as shown in Fig. 163 (b), 
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and are circulnrlf polarized in opposite directions. Fig. 163 
(c) shows the three lines seen in a direction perpendicular to 
the magnetic field. The middle line occupies the position of 
the original line and is plane polarized, while the outer two lines 
are also plane polarized, but in a direction perpendicular to 
that of the middle line. 

Light is a kind of electromagnetic radiation, and its 
emission is due to the vibrations of the electrons, the electric 
displacement in the wave being in the direction of vibration. 
These vibrations are very complicated, but they may be consi- 
dered to consist of three sets of circular vibrations in the 
three mutually perpendicular planes XOY, YOZ, and ZOX 
(Fig. 163rf), each set containing vibrations in opposite directions. 
(Fig. 163c). If the magnetic field is along OZ, the vibrations 
in the plane XOY have no component in its direction, while 
the other two sets of vibrations may be resolved into linear 
vibrations along OZ and circular vibration in the plane XOY. 

The magnetic field has no effect on the linear vibrations, 
because they are in its own direction, and their period of vib- 
ration remains unchanged ; but it exerts equal and opposite 
forces on the electrons vibrating in opposite directions in 
circular orbits in the plane XOY, the direction of the force 
being perpendicular to the direction of motion of an electron 
and that of the magnetic field. The force on one set of elec- 
trons is towards the centres of their orbits, and their period of 
vibration is decreased and the frequency of the emitted light 
increased. The second set of electrons experience the force axoay 
from the centres of their orbits ; the centripetal force on them 
decreases, and their period of vibration is increased and the 
frequency of the emitted light is decreased. 

When the obserr^er looks along the direction of the magnetic 
field, no light is received due to the linear vibrations along OZ, 
as no light is given out in the direction of vibration of the 
electrons, and only the two circularly polarized lines, polarized 
in opposite direction, are observed. The light waves due to 
the linear vibrations along OZ are propagated in the XOY 
plane, and as these vibrations are not affected by the magnetic 
field, a plane polarized line is seen in its unchanged position 
when the source of light is observed perpendicular to the 
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magnetic field. The circular vibrations in the plane XOY 
give out plane polarized waves and not circularly polarized 
waves in ihis plane, because in sending waves, say, along OX 
the component vibrations along OY alone are effective and 
no waves due to the component vibrations along OX can be 
received in this direction. Therefore the two outer lines are 
also plane polarized but in a direction perpendicular to that of 
the middle line, as in this case the vibrations for the outer lines 
are along OY and those for the middle line are along OZ. 




APPENDIX 

PUNJAB UNIVERSITY PAPERS 
B.A. & B.Sc. 

1931 

PHYSICS— Paper (a) 

1. What is a dimensional equation ? 

An apprentice engineer found that the volume (V) of 
water which passes any point of a canal during t seconds is 
connected with the cross-section (rr) of the canal and velocity 
[it) of water by the relation — 

V=kauH. 

Test by the Method of Dimensions if the relation is correct. 

2. What is the moment of inertia of a body ? Calculate 
the moment of inertia of a uniform rod about one end. 

Two spheres of the same mass are exactly similar from 
outside, but one is hollow, while the other is-'Solid.‘ Explain 
how they can be distinguished. • 

3. How will you determine the angle of contact for 
mercury and glass ? 

Prove that the excess of pressure inside a soap bubble to 

4r 

the outside pressure = — > where T stands for the surface 


tension of the soap solution and r for the radius of the sphere. 

4. How will you determine the specific heat of a gas at 
constant volume ? Will it be equal to the specific heat of the 
gas at constant pressure ? If not, why not ? 

5. Deduce Boyle’s law from the kinetic theory of gases, 
and show how the theory explains the deviations from the 
law in the case of actual gases. 

6. Show that no heat engine can be more efficient than a 
reversible heat engine working between the same limits of 
temperature. 
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7. Prove the formula —— (/t— l) f j for refraction 

/ \ )‘i 7'2 / 

through a lens. 

The rays of a vertical sun are brought to focus b}' a lens at 
a distance of 30 cm. from the lens in air. If the same lens is 
held just over a smooth pond of water, at what depth in the 
water will the rays come to focus ? (The index of refraction 
of water is r33.) 

8. Explain Foucault’s method of measuring the velocity 
of light. How did it help the wave theory of light to get 
firmly established ? 

9. Explain the formation of colours in a thin film. Show 
why the colour of a film when viewed by reflected and trans- 
mitted light are complementary. 

10. The waves of light are said to be transverse. What is 
the evidence for this ? 

A thick tourmaline crystal allows only a single polarized 
beam to pass through it, and so does a Nicol prism. Is the 
action in the two cases similar ? 

1931 

PHYSICS— Paper {b) 

1. What are organ pipes ? What are their modes of vibra- 
tion when (n) both ends are open, {b) one end is closed ? 

2. How would you determine the frequency of vibration of 
a tuning-fork ? Give details of your experimental arrangement. 

3. Work out completely the laws of transverse vibrations 
of a string, and show how the diameters of two wires of the 
same material can be compared with the help of a sonometer. 

4. Define electrostatic potential at a point. 

What potential would enable the tension on an insulated 
sphere of 3 cms. radius to balance 5 X 10~® of an atmosphere ? 

5. How would you determine the specific inductive capa- 
city of a solid substance ? Give a sketch of the experimental 
arrangement you would employ. 

6. Define the terms Declination, and Dip. 

Describe a method of accurately determining the dip at 
a place. 
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7. Describe the construction of a galvanometer of the 
moving coil tj'pe, and explain how, with the addition of a 
_^shunt, it can be used as an ammeter for large currents. 

S. A normal Daniel’s cell has an e.m.f. of r07 volts 
and resistance 2 ohms. Its terminals are connected bj’ two 
wires in parallel of resistances 3 and 4 ohms. Assuming that 
the electro-chemical equivalent of copper is 0‘00032S gram 
per coulomb, calculate the weight deposited in the cell, and 
also the heat developed {a) in the cell, (b) in each of the wires, 
during an hour of the working of the cell. 

■ 9 . Explain what is meant by a simple magnetic shell, and 
find the potential of such a shell at any point. 

Calculate the magnetic force at^a point inside a long solenoid 
of N turns carrying a current of A amperes. 

10. Describe the construction and use of a thermo-couple 
for the measurement of temperatures. 

A themo-couple is madeof ironand constantan wires. Find 
the e.m.f. developed per °C. difference of temperature between 
the two junctions, given that the themro-e.m.f.’s of iron and 
constantan against platinum are respectively 4-1600 and 
— 3440 micro-volts per 100°C. difference of temperature. 

What do the opposite signs in the above indicate ? 

11. Write short notes on any three of the following : — 

{a) Cathode rays. 

(b) Properties of <1 and /3 rays. 

(c) Thermionic valves and their uses. 

id) Constitution of the atom. 

1932 

PHYSICS— Paper (n) 

1. Explain the use of the compound pendulum in an 
accurate determination of the acceleration produced by gravity, 
and give the theory of the method. 

2. Define Young’s modulus, and indicate the methods of 
determining it. 

A wire of length 250 cm. and radius 0’3 mm. is stretched 
by hanging on a weight of 1 2 kilos and the elongation 
produced is 8 mm. Calculate the value of Young’s modulus 
for this wire. 
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3. What is meant by the viscosity of a fluid ? 

How will you find the co-efficient of viscosity of a liquid ? 

4. Describe an accurate method of determining the 
mechanical equivalent of heat. 

5. Define the co-efficient of heat conductivity, and describe 
a method of investigating the heat conductivity of a solid 
material, 

6. State the equation of an ‘isothermal’, and obtain that 
of the ‘adiabatic' for a perfect gas. 

Show tliat the adiabatic elasticity of air is '‘/P, where ”1 is 
the ratio of the two specific heats and P is the pressure. 

7. A compound achromatic lens is to be constructed 
having a focal length of 50 -cm., the surface of contact of the 
crown and flint glass lenses having a common radius of 30 
cm. The dispersive powers of crown and flint glass being 
taken as 0'22 and 0‘46 and refractive indices for the middle of 
the spectrum assumed as r52 and 1‘63 respectively. Calculate 
tJje radii of curvature of the second faces of the two lenses, 

8. Explain clearly how interference fringes are formed, 
and give a formula connecting their width with the wave- 
length of the light used. 

9. Give the theory of the diffraction grating, and explain 
the efl'ect of the number of lines per cm. on its action. 

What is a normal spectrum, and how is it produced ? 

10. Explain the following : — 

((t) Double refractica. 

(/;) Brewster’s Law, 

(c) Kotation of plane of polarization. 

1932 

PHYSICS— Paper (i) 

1. Show that the velocity of_waves in a stretched string 
is given by the expression \/'y, where T is the tension and 

P the mass of unit length of the string. Hence, deduce an 
expression for the frequency of a vibrating string. 

2. ^ Distinguish between the Diatonic scale and the scale 

of Equal Temperament, and show how each scale has been 
built up. 
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3. If a vibrating fork is rapidly moved towards a wall, 
beats may be heard between the direct and reflected sounds. 
Account for these, and calculate their frequency, if the fork 
makes 512 vibrations per sec. and approaches the wall with 
a velocity of 300 cms. per sec. The velocity of sound may 
be taken as 330 metres per sec. 

4. What is meant by the Magnetic Permeability of a 
substance ? How can it be measured ? Describe how the 
permeability of a piece of soft iron varies with the magnetizing 
force. 

5. (fr) Find an expression for the force per square cm. of 
surface on a conductor due to its charge. 

(b) Find the mechanical stress per sq. cm. on the glass 
plates of a condenser, charged to a potential of 30,000 volts. 
S.I.C. of glass = 4 and thickness=4 mms. 

6. Vfliat is meant by. the S.I.C. of a medium ? How 
would j'ou explain physically that the force between two 
charges is diminished when they are placed in a medium of 
greater S.I.C. ? 

How would you experimentally determine the S.I.C. of 
either a gas or a liquid ? 

7. State the laws governing the distribution of current in 
a network of wires. A battery of 6 volts e.m.f. and 0’5 ohm 
internal resistance is by oversight joined in parallel with 
another of 10 volts e.m.f. and 1 ohm internal resistance, and 
the combination is used to send current through an external 
resistance of 12 ohms. Calculate the current through each 
battery and the external resistance. 

Comment on this method of connecting cells. 

8. The heat of combustion of hydrogen and oxygen to 
form water is 34.200 calories for each gramme of hydrogen 
burnt. A C.G.S. unit current decomposes in one second 
0'000945 gm. of water. The mechanical equivalent of heat 
being 4'2 X 10^ ergs, find in volts the smallest e.m.f. which can 
decompose water. 

9. What is the Thomson effect in thermo-electricity ? 
What led to its discovery, and how can it be demonstrated ? 
Why is it sometimes called the specific heat of electricity ? 
Heat is being generated at a certain part of an electric circuit 
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through which a current is flowing. How can you cleternnnc 
whether the heating is due to tliermo-electricily or whether it 
is merely Joule heating ? 

10. Distinguish between the mean value and the root mean 
square value of an alternating current, and find the relation 
between them 

11. Write short notes on any three of the following : — 

(f) Difference between 

(a) electrons and particles, 

\b) X rays and "{ rays, 

(c) a rays and positive rays. 

{ii) Isotopes. 

[iii) Photo-electricity. 

(nO Spontaneous disintegration of atoms. 

(v) Nature and properties of kathode rays. 

1933 

PHYSICS— Paper (n) 

1. Define co-efficient of rigidity, and give its dimensions. 

—nr* 

Show that the couple required to twist a wire is - ~~ 9, 

where the letters have their usual significance. 

2. How does the value of g change at different places on 
the surface of the earth due to its rotation ? 

The mass of a railway train is 100 tons. What will be its 
weight when (n) stationary, [b) travelling due east, (c) travel- 
ling due west, along the equator at 60 miles per hour ? Radius 
of the earth is 4,000 miles. 

3. What are the requisites of a balance ? Obtain the 
general expression used for determining the conditions for 
these requisites, and show that the conditions for two of these 
are mutually contradictory. 

4. What is the thermodynamic scale of temperatures ? 
How is it defined, and what are its advantages over other 
scales ? Can it be used practically ? Give reasons. 

5. Describe briefly how the specific heat of a gas at 
constant pressure may be determined. Obtain an expression 
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for the difference between the two specific heats of a gas in 
terms of other measurable quantities. 

6. Explain Prevost’s theory of exchanges, and show that 
the emissive power of a body is equal to its absorptive power. 

Describe some instrument by which radiant heat can be 
measured. 

7. What is meant by an achromatic combination of lenses, 
and what are the principles underlying its construction ? 
Prove the formulas involved. 

8. Explain the formation of colours in thin plates. 

A parallel beam of sodium light (/\. = 5890 X 10”® cm) is 
incident on a thin glass plate (g.= I'S), such that the angle of 
refraction into the plate is 60°. Calculate the smallest thick- 
ness of the plate which will make it appear dark by reflection. 

9. In what respects does plane polarized light differ from 
unpolarized light, and how will you experimentally distinguish 
one from the other ? 

Define polarizing angle. How is it related to the index of 
refraction ? 

10. What is meant by the resolving' power of a diffraction 
grating ? Derive the expression for it. 

1933 

PHYSICS— Paper {b) 

1. Give a short account of the various methods for the 
determination of the frequency of sound vibrations and 
compare their accuracy. 

2. Describe an experiment by which you can determine 
the velocity of sound in hydrogen. Work out any formula 
which you may need for the purpose. 

3. Describe and explain Melde’s experiment. In an 
experiment it was found that the string vibrated in 5 loops 
when 10 grammes were placed in the scale pan. What mass 
must be placed in the pan to make the string vibrate in 
7 loops? (Neglect the weight of the scale pan.) 

4. How will you determine experimentally the value of 
the vertical component of the earth’s magnetic field ? 
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The correct value of the dip at a certain pjace is 69 . 
What is the apparent dip if the circle be turned 45° out of the 
magnetic meridian ? (Trigonometric tables will be provided.) 

5. How will you determine the S.I.C. of a glass plate? , 

6. A disc 16 cm. in diameter is surrounded by a guard 
ring and is situated at a distance of 1 mni- from a large 
parallel metal plate connected to earth ; the potential of the 
disc is 170 E.S. Units. Calculate in grams weight the 
attraction on the disc. 

Describe an electrical measuring instrument based on this 
principle. 

7. E.xplain clearly how you would use a potentiometer for 
measuring currents. How would you adapt it for use with 
large and small currents respectively ? 

8. Discuss the equivalence of a magnetic shell and ‘a 
circuit carrying a current. Calculate the field at a point on 
the axis of a plane circular shell or coil of wire in which a 
current flows. 

9. Explain what is meant by (a) impedance, (5) reactance 
of a circuit, and (c) virtual voltage ? Why should alternating 
currents be used instead of direct currents for long-distance 
power transmission ? 

10. Explain as clearly as you can the action of a thermionic 
valve as a detector of radio signals. 

11. How has the ratio e/ni for an electron been determined ? 

1934 

PHYSICS— Paper {a) 

1. Find the periodic time of a compound pendulum ; and 
explain the meaning of “the centre of suspension,” and “the 
centre of oscillation.” Show that they are interchangeable. 

2. What do you understand by the viscosity of a liquid ? 
Define viscosity, and give an experimental method for its 
determination. What is the effect of temperature on it ? 

3. Deduce the formula for determining the moment of 
inertia of a sphere about a diameter. 

A fly-wheel weighs 10 tons, and the whole of the weight 
may be considered as concentrated at a distance 3 feet from 
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the axis. What is the amount of energy stored in the fly- 
wheel when rotating at a speed of 100 revolutions per minute ? 

4. What is meant by J, the mechanical equivalent of heat ? 
Explain the principles underlying the various methods of 
determining the same, 

5. Derive the reduced equation of a gas, starting from 
Van der Waal’s equation of state ; and show that if two gases 
have the same reduced pressure and volume, they also have 
the same reduced temperature. 

6. Define thermal conductivity. How is this constant 
determined in the case of a gas ? 

Describe an experiment to show that hydrogen has a greater 
conductivity than air. 

7. Obtain the relation between the distances of an object 
and, its image formed by a lens in terms of the radii of 
curvature of the lens. 

Show that the minimum distance between an object and its 
real image formed by a convex lens is four times the focal 
length of the lens. 

8. Describe and explain the colours seen when a thin film 
of oil spreads over the surface of water. 

9. Describe the phenomena of double refraction, and 
discuss its connection with the polarization of light. 

Explain the ordinary and the extraordinary rays in a 
crystal, and the construction of a Nicol s prism. 

10. Write brief notes on the following : — 

(а) Fraunhofer lines. 

(б) Infra-red spectroscopy. 

(c) Absorption and Emission spectra. 

1934 

PHYSICS— Paper (b) 

1. What are Lissajous’ Figures ? Calculate the resultant 
of two rectangular simple harmonic vibrations, whose 
amplitud.es as well as periods are in the ratio of 1 : 2, and the 
phase-difference is 90°. 

2 Describe an experimental arrangement by which you 
would determine the absolute frequency of a tuning-fork. 
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3. Describe the various parts of a harmonium, and 
explain their use. Explain the existence of 12 notes to an 
octave in this instrument. 

4. Prove that the intensity of the magnetic field due to a 
small magnet of magnetic moment ill, at a point situated 
d cm. from its middle point on a line making an angle 0 with 
the axis of the magnet, is 

\/3 cos-0+1. 
d 

5. Define the terms intensity of magnetization (1), 
magnetic induction (B), and the magnetic force (Mj : and 
obtain the relation B = H +4—1. 

Explain the difference between the lines of force and the 
lines of induction inside a piece of soft iron placed in a 
magnetic field. 

6. Describe the construction of the Dolezalek Quadrant 
Electrometer. How is it used to measure (<t) small, and (5) 
large potential differences ? 

7. Describe fully and explain the action of a moving coil 
galvanometer. How can it be made (l) very sensitive, 
(2) ballistic, and (3) dead-beat ? 

8. Give an account of the chemical changes which occur 
in a storage cell during charge and discharge. 

An accumulator has a capacity of 28 ampere hours. 
What is theoretically the least weight of PbOj on its positive 
plates, given that the PbO-, is reduced to PbO, and that 
(it) the electro-chemical equivalent of hydrogen is 0‘00001038 
gm./coulumb, and (6) the atomic weight of lead is 207, and 
of oxygen 16 ? 

9. Explain why there is a phase-difference between E.M.F. 
and current in an A.C. circuit. What is power-factor, and 
when is the current Watt-less ? 

10. Explain the action of a Triode valve as a detector and 
and amplifier. 

Draw the diagram of a typical receiving circuit. 

Write a short note on what you know about the 

structure of the atom. 
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1935 

PHYSICS— Paper (a) 

1. Find the resultant of two mutually perpendicular S.H. 
motions which agree in period, but differ in phase. Consider 
the important cases for phase differences varying from 

. 0 to 277. 

2. What is meant by the co-efficient of rigidity of a 
substance ? Explain how it can be determined experimentally, 
deducing the formula used. 

3. What is moment of inertia of a body ? State the 
units in which it is generally measured. 

Find the moment of inertia of a thin uniform circular 
plate of mass M and radius Ri, with a concentric hole of 
radius A’s about an axis passing normally through the centre. 

4. Describe Joly’s method of determining the specific 
heal of a gas at constant volume. Will the specific heat at 
constant volume be equal to the specific heat at constant 
pressure ? If not, why not ? 

5. Describe Lindes’ method for liquefying gases, and 
discuss the principle on which it is based’ 

6. Explain how it is possible to define temperature in 
terms of energy, and thus arrive at an absolute scale of 
temperature from thermo-dynamical considerations. 

7. Explain the theory of a direct-vision spectroscope. 

8. Explain the action of a diffraction grating. Deduce 
the formula which connects the wave-length of the diffracted 
light, its deviation, and the grating constant. 

9. Describe the phenomenon of rotatory polarization. 
Explain in full the main parts of some form of instrumfent 
for measuring the strength of sugar solution by means of this 
property. 

10. Explain the formation of colours in a thin oil-film. 

1935 

PHYSICS— Paper (6) 

]. Obtain an expression for the velocity of sound in a 
gas. How does the velocity depend on humidity, temperature, 
and pressure ? 
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2- Compare the notes given by a vibrating string and an 
open organ pipe. 

3'. Explain Doppler effect in sound. 

The frequency of the whistle of a stationary engine is 600. 
What is the apparent frequency of the whistle to passengers 
in a train travelling at 60 miles an hour before and after 
passing the engine ? 

4. Give a short account of the molecular theory of 
magnetism, and explain in a general way — diamagnetism, 
paramagnetism, and ferromagnetism. 

How are diamagnetic and paramagnetic substances 
distinguished experimentally ? 

5. Define normal electric induction and tubes of force. 
State and prove Gauss’s theorem. Deduce from the theorem 
that the intensity of the field near a charged surface of 
density o is 4-ff. 

6. Describe and explain the use of an attracted disc 
electrometer. How do you make use of this to measure the 
dielectric constant of a solid ? 

7. Describe a method of determining the specific resistance 
of an electrolyte. Why can we not measure it like the 
resistance of a metallic conductor ? 

8. Define self-inductance. What are its dimensions ? How 
can it be demonstrated to a large audience ? 

9. Explain the use of a triode as an oscillator. Draw a 
diagram of a simple transmitter. 

10. Draw diagrams of series wound and shunt wound 
motors. To what use are they put ? E.xplain the construction 
and use of a starter. 

How is the efficiency of a series motor determined ? 

11. Write short notes on any three of the following : — 

(1) Thunderstorms, (2) Choke coil, (3) Zeeman effect, 
(4) Photoelectric cell, (5) Positive rays. 

1936 

PHYSICS— Paper (n) 

1. Deduce the dimensions of {a) the co-efficient of 
Viscosity, and \,b) the constant of Gravitation, G. 
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Obtain a formula for the time of swing of a simple 
pendulum, from a knowledge of the dimensions of the physical 
quatities involved. 

2. What is meant by Young’s modulus, the modulus of 
rigidit 3 q the bulk modulus ? 

A straight cylindrifcal rod is fixed at one end and twisted 
by a couple applied at the other. Deduce the relation 
between the twisting couple and the co-efficient of rigidity. 

3. WhaU~do'Ybu understand by the surface tension of a 
liquid ? Describe one experimental method of determining 
it. How do temperature and pressure affect surface tension ? 

4. Give an account of the measurements of low tempera- 
tures. 

5. Deduce Boyle’s law from the kinetic theory of gases. 
How are deviations from the law explained on this theory ? 

6 Show that the efficiency of a reversible heat engine 
working between two specified temperatures is a maximum 
for those temperatures, and deduce an expression for the 
efficiency in terms of the temperature scale you adopt. 

7. What is meant by an achromatic combination of 
lenses ? How will you correct the chromatic abberation of 
a plano-convex, crown glass lens of 30 cm, mean focal 
length, the following data being given 1 Refractive indices for 
red and blue light respectively are r520 and r540 for the 
crown glass and r630 and r660 for a flint glass, various 
lenses of which material are available and with any desired 
focal length, and radii of curvature. 

8. Flow is the rectilinear propagation of light explained 
on the wave theory ? Calculate the velocity of light in 
diamond, the refractive index from air to diamond being 2'5. 

9. Describe and explain fully one method involving the 
phenomenon of interference for determining the wavelength 
of a monochromatic radiation. 

10. What is elliptically polarized light, and how can it be 
produced ? How would you distinguish between such 
light on the one hand and a mixture of plane polarized light 
and unpolarized light on the other ? 
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1936 

PHYSICS— Paper (B) 

1. Obtain an expression for the resultant of two wave- 
motions travelling along the same direction, with the same 
velocity and amplitude, but with slightly different frequencies, 
and explain its meaning. 

Distinguish between beats and combination tones. 

2. What is Newton’s expression for the velocity of sound 
in a gas ? How did Laplace modify this expression, and why ? 

Describe Kundt’s experimental arrangement for the de- 
termination of the velocity of sound in gases. 

What other measurements are possible with this arrange- 
ment ? 

3. Explain: — Free vibrations, forced vibrations, and reson- 
ance, giving an example for each. 

How is the principle of resonance used to analyse a comple.x 
note ? 

4. Define magnetic permeability and susceptibility. How 
are the two related ? 

Describe an experimental method of getting the hysteresis 
curve for iron or steel. 

Point out briefly the importance of these curves in the 
construction of dynamos. 

5. How was the inverse square law in electrostatics 
established theoretically and experimentally by Cavendish ? 

6. Find the electric intensity at a point between two large 
parallel plates, one of which is earthed, the surface density of 
the charge on the insulated plate being o. 

Two large metal plates are fixed horizontally at a distance of 
4 cm. from each other. What potential in volts should be 
applied between the plates, if a droplet of oil of mass P5 X .1. 0~” 
gm., and carrying a charge of 4-9X 10' E.S.U., is to be held 

at rest between the plates ? [g=980 ; one E.S.U. of potential 

= 300 volts.] 

Mention any application of this arrangement. 

7. Find the intensity of the magnetic field due to a circular 
coil carrying a current, at a point on its axis. How can it be 
experimentally determined ? 
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Plow can a local uniform field be obtained with two such 
: ils? 

8. Describe instruments to measure 10 amperes, 10~^ 
ampete and 10~® ampere. 

9. Explain how a rotating magnetic field can be produced. 
]\Iention an important application. 

10. Describe a triode. How can it be used as an amplifier ? 

Draw a neat diagram of a circuit used foramplif 3 'ing audio- 
frequency currents. 

11. Write short notes on a/iy txoo of the following: — 

{a) Transformer. 

{h) Production and application of X-ra3'S. 

(c) Structure of the atom. 

[d) Isotropes. 

(c) Photo electric cell. 

1937 


PHYSICS— Paper [a) 

1. Define the term “rigidity.” What is the relation 
between the modulus of torsion and the modulus of rigidity 
for a given wire ? 

If you are given a wire 100 cm. long and 0’04 cm. in 
diameter, what apparatus and observations will you require 
for the determination of its modulus of rigidity ? 

2. What are the conditions which determine the sensitive- 
ness of a common beam-balance ? What are the disadvantages 
of an extremely sensitive balance ? 

3. Why is the upper surface of mercury in a glass capillary 
tube convex upward, while for water it is concave ? 

Assuming the surface tension of rain-water to be 72 dynes 
per cm., find the difference of pressure inside and outside a 
rain-drop of diameter 0’02 cm. What would this difference 
of pressure amount to if the drop were to be decreased by 
evaporation to a diameter of 0'00002 cm. ? 

4. Derive for a perfect gas the relation connecting pressure 
and volume during an adiabatic change. 
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Calculate the rise in temperature when a gas, for which 1 
(gamma) = r5, is compressed to eight times ^its original 
pressure, assuming the initial temperature to be 27 Centigrade. 

5. What is the “ Joule-Thomson effect, ” and how has it 
been accurately measured ? Describe the method used for 
liquefying hydrogen. 

6. Give an account of Forbes’ method for determining the 
thermal conductivity of a metal. What is a “ steady state ” ? 

7. Explain clearly the distinction between “resolving 
power ” and “ magnifying power ’’ of optical instruments. 
Derive an expression for the magnifying power of a micro- 
scope. 

8. Derive a formula expressing the relation between ji. 
u, V and r in the case of refraction at a single spherical 
surface separating two transparent media. Using the result, 

show that l//=f/Ji- l)f for a convex lens. What 

V ri rj/ 

approximations have you made, and what limitations do they 
impose upon the use of this formula ? 

9. Give a brief account of the use of the spectrometer in 
the study of the sun and stars. What kind of information 
does it give, and how ? 

10. Write short notes on any three of the followings ; — 

(a) Raman Effect; (d) Light Quanta ; 

(c) Half-Wave Plate ; (d) Echelon Grating : 

(e) Michelson-Morley Experiment. 

1937 


PHYSICS— Paper (B) 


1. Obtain an expression for the velocity of transverse 
vibrations along a stretched string, and thence deduce the 
frequency of a string vibrating in p segments, 

2. What is Doppler effect ? 


The whistle of an engine moving at 30 m.p.h, is heard by 
15 m.p.h. and estimated to have a 
pitch of 500. What must be the actual pitch of the whistle, 
to the nearest whole number, when — 
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(a) the two are moving in opposite directions but 
approaching each other ; 

(b) the two are moying in opposite directions but away 

from each other ; 

(c) the two are moving in the same direction, the 

motorist being behind the engine ; 

(dj the two are moving in the same direction, the 
motorist being in front of the engine ? 

The velocity of sound may be taken to be 1,200 ft. per 
sec. 


3. Describe the action of a mouth-piece of an organ flute 
pipe, and show that an open end pipe will produce sounds 
richer in overtones than a closed end one. 

4. Describe the action of a magnet in (a) uniform, (b) a 
non-uniform, field. 

5. Give the theory and use of a quadrant electrometer. 
Plow has an increase of sensitivity been obtained in the 
modern forms of the instrument ? 


6. The energy in a charged parallel plate condenser is 
supposed to reside in the dielectric between the plates. 
2_D^ ytjE^ 

Show that this is — or per c.c. of the dielectric 

/?• 077 


where D and E are respectively the electric density and 
intensity of the field k the S.I.C. of the medium. 

7. A pointer galvanometer of 10 ohm resistance has a 
50 division scale and indicates one micro-ampere per division. 
Draw a complete plan of connections, showing how it could 
also be used at will as a milliammeter of 50 milliamperes 
range and a voltmeter of 5 volts range. Calculate the 
necessary resistances, etc. 

8. Obtain the relation between current and voltage 
in an inductive circuit without capacity when connected 
to an harmonically alternating current supply. Also obtain 
an expression for the power developed in such a circuit ? 

9. Give a method by which the ratio of the electrostatic 
to the electromagnetic unit of current can be obtained. 
What is the value of the ratio, and what part did it play in 
the electromagnetic theory of light ? 
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10. Write short notes on any Hvo of the following : — 

(]) Seebeck and Peltier effects. 

(2) Nucleus of the atom. 

(3) Radioactivity. 

(4) Atomic number and its significance. 

1938 

PHYSICS— Paper (a) 

1. Derive the formula for the p^iod of a compound 
pendulum, and prove that the centres of oscillation and 
suspension are reversible. Indicate how this principle is 
utilized in an accurate determination of gravity. 

2. Define Poisson’s ratio, and show that the rigidity n 
and Young’s modulus Y are connected by the relation 

y 

2(1 + 

where ^ is the Poisson’s ratio. 

3. Define Viscosity, and describe any method for deter- 
mining it in the case of liquids. 

What is critical velocity ? 

4. Show that for a perfect gas C/.-Cv=R, where C/, is 
the specific heat of a gram-molecule of a gas at constant 
pressure and Cv, the specific heat at constant volume and R 
is the gas constant. 

Calculate C^, for hydrogen, given that 
Cii = 6'85 Cal. 

Density of hydrogen at N.T.P. = 0'0899 gm./litre, 
and J=4‘19X erg./cal. 

5. Distinguish clearly between adiabatic change and 
Joule-Thomson effect. 

Describe briefly how these processes have been used in the 
liquefaction of gases. 

6. What is a reversible process ? Prove that the effi- 
ciency of a reversible heat engine is maximum. 

7. Calculate the focal length of a Ramsden’s and a 
Huyghens’ eyepiece. Which one of them is more achro- 
matic ? 
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S. Mention the different methods for determining the 
wave-length of light, and give an account of the one you 
' " der the most accurate. 

9 Describe a method for obtaining elliptically polarized 
Uit. How will you distinguish experimentally between 
'.iptically polarized light and a mixture of plane polarized 
‘'d unpolarized light ? 

lO. Write short notes on any three of the following — 

((t) Spherical aberration. 

{b) The theory of the rainbow. 

(c) Half-shade device in Polarimeter, 

(d) The bigger the diameter of a telescopej the smaller 

is the image of a star. 

, (c) Aplanatic points. 

1938 

PHYSICS— Paper {b) 

‘ ] . Derive an expression for the velocity of sound in a 
gas, and hence show that the change in the velocity of sound 
, in air is about 0'6 metre per degree (Centigrade) change in 
('temperature. [Velocity in air at 0'^C.= 330 metres/sec.] 

I 2. The frequency of a tuning fork is nearly 50. Describe 
a method for its accurate determination. 

What is the effect of (i) loading the prongs, and (ii) change 
Tof temperature on the frequency of a fork ? 

3. Describe how you will measure the velocity of sound 
in carbon dioxide. 

' 4. Derive an expression for the intensity of the field 

lue to a small magnet at a large distance from it. Hence 
. educe that in case of the earth 

A 2 tan A. = tan S, 

Svhere 3 is the angle of dip at a place whose magnetic 
■ •’titude is A. 

5. Describe the phenomenon of magnetic hj’steresis and 
explain how it is measured. What is the significance of such 
measurements ? 
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